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PHOSPHORYLATION COUPLED TO NITRITE OXIDATION BY 
PARTICLES FROM THE CHEMOAUTOTROPH, NITROBACTER AGILIS* 


By M. I. H. ALEEM AND ALVIN NASON 


MCCOLLUM-PRATT INSTITUTE, THE JOHNS HOPKINS UNIVERSITY 


Communicated by Herman M. Kalckar, April 28, 1960 


Members of the obligately chemoautotrophic bacterial genus Nitrobacter uniquely 
obtain their primary energy from the biological, aerobic oxidation of the specific 
inorganic substrate, nitrite. The energy liberated is in part utilized to assimilate 
carbon dioxide which serves as the sole source of carbon for growth. The chemo- 
autotrophs as typified by Nitrobacter are distinctly different from photosynthetic 
organisms and from heterotrophs, since the former fulfill their energy requirement 
by capturing the energy of light whereas the latter must use organic compounds 
as their primary source of both energy and carbon. 

While there is a good deal of information concerning the metabolism and ac- 
companying energy transformations in the photosynthetic and heterotrophic 
forms, virtually nothing is known about these aspects in the chemoautotrophs. 
From the standpoint of comparative biochemistry it would be expected that many 
of the metabolic steps carried out by the chemoautotrophs are fundamentally 
similar to those displayed by other organisms including the formation and utili- 
zation of high-energy phosphate bonds. It therefore seems reasonable to specu- 
late that high-energy bonds, probably in the form of adenosine triphosphate 
(ATP), are produced during the oxidation by the chemoautotrophs of their partic- 
ular inorganic substrates. The high-energy phosphate bonds would be presumably 
used for the assimilation of carbon dioxide and for other energy-requiring processes. 
Vogler and Umbreit! and Umbreit? on the basis of their findings with intact cells 
of the chemoautotrophic bacterium Thiobacillus thiooridans suggested the forma- 
tion of high-energy phosphate bonds in the oxidation of sulfur and their subsequent 
utilization in carbon dioxide assimilation. On the other hand, Baalsrud and 
Baalsrud,* and Newburgh‘ working with the same organism reported essentially 
negative results along these lines. 

The recent data of Aleem and Alexander® demonstrating for the first time the 
presence of a nitrite-oxidizing system in cell-free Nztrobacter extracts suggested 
the possible suitability of this organism for investigation of chemosynthetic mecha- 
nisms. Aleem and Nason® subsequently showed that the nitrite-oxidizing activity 
in cell-free preparations of Nitrobacter resides solely in a cytochrome-containing 
particle designated as nitrite oxidase. Their data implicated the action of the 
nitrite oxidase system to involve the enzymatic transfer of electrons from nitrite 
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TABLE 1 


Factors AFFECTING OXIDATIVE PHOSPHORYLATION BY PARTICULATE NITRITE OXIDASE* FROM 
N. agilis 
O2-uptake P32_uptake 
BL per per hr,t P/O 
Treatment hrt cpm (corrected) § 


Exp. I 
Complete 146 1,640 0.14 
— Nitrite 7 454 ie 
— Hexokinase, — Glucose 154 413 0.03 
—Mgt* 159 794 0.06 
— Nitrite, —Mgt* 6 58 0.00 
Exp. II 
Complete 162 412 0.03 
— Nitrite 12 82 ens 
—ADP 169 44 0.00 
—Mgtt 141 274 0.01 
— Nitrite, —Mg** 1 50 0.00 


Exp. IIT (Mg** omitted from reaction mixture) 


Complete 174 985 0.07 
se Nitrite 1 58 eee 
— Hexokinase, — Glucose 182 99 0.004 
— Nitrite, — Hexokinase, — Glucose 0 52 0.00 


* Resuspended pellet collected from 27,000 X g-supernatant solution by centrifugation at 95,000 X g. The 
complete reaction mixture contained 10 micromoles phosphate, 25 micromoles nitrite, 0.2 micromoles ADP(PABST 
Co.), 15 micromoles MgC le, 0.5 mgs hexokinase (type III Sigma Co.), 50 micromoles glucose, 0.5 ml nitrite oxidase 
corresponding to 0.6-—1.5 mg protein, P32 (phosphotope oral, without preservative, without carrier—E, R. Squibb 
and Sons, New York) approximately 3 XK 105 cpm per Warburg flask. 

The final volume was made up to 3.2 ml with 0.1 M Tris pH 7.5. The central well contained filter paper and 
0.2 ml of 10% NaOH. After a 10 min preincubation period at 30°C, the reaction was started by tipping in the 
enzyme from the side arm and O»-uptake determined at 10-min interv als for 1 hr. 

+ These values represent the consumption of O2 by the total volume of reaction mixture (3.2 ml) contained in the 
Warburg flask. 

¢ These values represent the actual counts per min measured in the organic phosphate fraction in an aliquot 
equivalent to !/4s of the volume of the total reaction mixture (3.2 ml) contained in the Warburg flask. 

§ P/O ratios are corrected for by subtracting the endogenous O2 and P%? uptakes obtained in the minus nitrite 
reaction mixture. 

| Exp. I contained 6.7 * 105 CPM of initially added P*? orthophosphate per Warburg flask. Exp. II contained 
5.2 X 105 CPM and Exp. III contains 4.3 X 105 CPM. 


to molecular oxygen via cytochrome c- and cytochrome oxidase-like components 
according to the following sequence: 


NO» — cytochrome c — cytochrome a; > On. 


The present paper describes experiments demonstrating that partially purified 
nitrite oxidase particles catalyze the formation of high-energy phosphate bonds 
concomitant with the specific enzymatic oxidation of nitrite by molecular oxygen. 
Some of the properties of the system are described including evidence showing 
that ATP is formed when the corresponding nucleoside diphosphate (ADP) is 
used as the phosphate acceptor. Certain nucleoside diphosphates appeared to be 
effective when added in place of ADP whereas others were not. The electron 
transport system mediating nitrite oxidation is sensitive to relatively high con- 
centrations of such respiratory chain inhibitors as antimycin A and 2n-heptyl-4- 
hydroxy-quinoline-N-oxide. Dinitrophenol, thyroxine, and dicumarol, however, 
failed to uncouple the nitrite-specific oxidative phosphorylation. 

Methods and Materials.—Cells of Nitrobacter agilis (American type Culture 
Collection No. 9482) grown in a clear inorganic culture solution and disrupted by 
sonic oscillation as described by Aleem and Alexander®: 7 were centrifuged at 10,000 
xX gfor 30 min. The resulting opalescent cell-free supernatant solution (S-10,000) 
containing nitrite oxidase activity was then fractioned by successive recentrif- 
ugation for 30 min intervals at 27,000 X g, 58,000 X g, 95,000 X g, and 144,000 
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X g, respectively. The reddish-brown pellets (designated as P-27,000, P-58,000, 
and so forth) attained by each of the centrifugations were separately suspended in 
0.1 M tris(hydroxymethyl)aminomethane (Tris) buffer, pH 7.5, usually equal 
in volume to one third of that of the S-10,000 fraction from which they were derived. 
All of the above particulate fractions possessed nitrite oxidase activity as measured 
by nitrite disappearance’ as well as by oxygen uptake. The latter was determined 
by means of conventional micromanometric Warburg constant-volume respirom- 
eters as detailed in the accompanying tables. One or more of the above partic- 
ulate enzyme fractions containing 2 to 4 mgs of protein per ml, determined accord- 
ing to the procedure of Lowry et al.,5 were used in the present experiments as indi- 
‘ated. Organic P*? phosphate of the reaction mixtures resulting from the trans- 
formation of added inorganic P*? orthophosphate was measured in a Model D-47 gas 
flow counter (Nuclear Chicago). This was preceded by a trichloroacetic acid pre- 
cipitation of the reaction mixture and successive extraction of the phospho-molyb- 
date complex from the supernatant solution, first with a 50/50 v/v mixture of 
isobutanol/benzene and then with ether (anhydrous diethyl) according to a modi- 
fied procedure of Rose and Ochoa.’ This method routinely extracted 99.95 per 
cent of the inorganic orthophosphate as determined by residual P*?. 

Results and Discussion.—F actors affecting oxidative phosphorylation: The data of 
Table 1 indicate that a striking increase in the incorporation of inorganic p*? 
phosphate into an organic fraction accompanies nitrite oxidation. The results 
also show that the addition of magnesium ions and a phosphate acceptor such as 
ADP markedly stimulate this apparent phosphate esterification which is coupled to 
nitrite oxidation. In the above experiments employing catalytic quantities of 
ADP (0.2 uM), the dependence of phosphorylation upon the presence of added 
hexokinase and glucose as a “‘trapping system” in order to accumulate organic 
phosphate and provide ADP (glucose + ATP 5**°*"*s° glucose-6-PO, + ADP) is 
evident. When substrate quantities (5 micromoles) instead of catalytic quantities 
of ADP are used, however, appreciable phosphate esterification occurs without the 
addition of hexokinase and glucose to the reaction mixture, as shown in Table 2. 


TABLE 2 
NvucLEOSIDE DripHOSPHATE Speciriciry oF N. agilis Nitrite OxipASE* IN OXIDATIVE 
PHOSPHORYLATION 
Ov-uptake P32-uptake 
uL per per hr,} P/O 
Treatment hrt epm (corrected) § 
+ Nitrite, —nucleoside diphosphate 83 60 0.00 
— Nitrite, +ADP —8 43 oy 
+ Nitrite, +ADP 8] 455 0.05 
+ Nitrite, +IDP 142 510 0.04 
+ Nitrite, +GDP 96 336 0.04 
+ Nitrite, +UDP 70 80 0.003 
+Nitrite, +CDP 130 70 0.002 


* Reaction mixture contained 5 micromoles of the indicated nucleotide and lacked the hexokinase ‘‘trap- 
ping system.”’ Pellet collected from 27,000 X g supernatant solution by centrifugation at 144,000 xX g. 


, t, § See corresponding footnotes of Table 1. 5.3 K 105 CPM of initially added P*? orthophosphate 
per Warburg Flask 


ATP as the phosphorylation product: The above stimulation of phosphate esteri- 
fication by both added ADP and the oxidizable substrate, nitrite, as well as by the 
hexokinase system when small quantities of the nucleoside diphosphate are em- 
ployed, implicate the phosphorylation product of the nitrite oxidase system 
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to be ATP. This is borne out by experiments involving the separation of 
ADP and ATP from a complete nitrite oxidase reaction mixture (containing 
substrate quantities of ADP and no hexokinase system) according to the ion 
exchange column chromatography method described by Cohn" and by the paper 
chromatography procedure employing an isobutyric acid-ammonium hydroxide- 
water solvent system.!! A major portion of the organic p*? label was found to be 
present in the ATP with the remainder in the ADP. In most experiments about 
10 to 20 per cent of the added inorganic p** phosphate was incorporated into the 
organic fraction. Additional evidence for ATP formation was obtained by in- 
dicating the appearance of glucose-6-phosphate in a complete nitrite oxidase re- 
action originally containing the hexokinase “trapping” system and catalytic 
amounts of ADP. This was implied by the observed reduction of added triphosph- 
pyridine nucleotide (at 340 my) in the presence of glucose-6-phospeate dehydro- 
genase and a boiled aliquot of the above preincubated nitrite oxidase system. 
Corresponding controls lacking nitrite or hexokinase exhibited no such effect. 


TABLE 3 


SUBSTRATE SPECIFICITY FOR OXIDATIVE PHOSPHORYLATION BY PARTICULATE 
NITRITE OxIDAsE* FROM N. agilis 


O2-uptake P32-uptake 
uL per per hrf P/O 
Treatment hrt (epm) (corrected) § 


Exp. 1 
None 2 79 re 
KNO, 168 1,410 0.2 
Succinate 21 292 0.1 
DPNH 25 195 0.05 
Fett 7 17 0.00 


None 2 105 es 
KNO. 170 1,861 0.12 
Ascorbic acid 90 224 0.03 
* Pellet collected from 27,000 X g-supernatant solution by centrifugation at 144,000 X g. 
Same conditions as in Table 1 but with 25 wr of added substrate as indicated. 


t, § See corresponding footnotes of Table 1. Exp. I contained 3.4 X 105 CPM of initially 
added pr orthophosphate per Warburg flask; and Exp. II contained 4.8 KX 105 CPM 


Nucleoside diphosphate specificity: The effects of substrate quantities of other 
nucleoside diphosphates in place of ADP on oxygen uptake and accompanying 
phosphorylation as measured by P* incorporation into the organic fraction is 
shown in Table 2. Inosine diphosphate (IDP) and to a lesser extent guanosine 
diphosphate (GDP) significantly stimulated phosphate esterification as compared to 
a control reaction mixture which lacked any added nucleoside diphosphate. The 
stimulation in phosphorylation by these two nucleotides was of the same order of 
magnitude as that caused by ADP, although the increase in oxygen uptake induced 
by IDP was considerably greater. In contrast, the addition of uridine diphosphate 
(UDP) and cytidine diphosphate (CDP) had only a slight positive effect on P*? 
incorporation, although the latter caused a marked stimulation in oxygen uptake 
as compared to that produced by ADP. Other control reaction mixtures (not 
shown) containing each of the added nucleotides indicated in Table 2, but without 
added nitrite, experienced no increase in phosphorylation or oxygen uptake. 

It has not yet been determined whether one or more of the above three effective 
nucleotides (ADP, IDP, and GDP) act directly as initial phosphate acceptors; 





VoL. 46, 1960 BIOCHEMISTRY: ALEEM AND NASON 767 


or alternatively, receive phosphate groups from one of the formed nucleoside tri- 
phosphates through the action of a nucleoside diphosphokinase. 

Substrate specificity: Table 3 demonstrates that of various substrates tested, 
nitrite proved to be the most effective in producing maximal oxygen uptake and 
phosphate esterification. The addition of succinate or reduced diphosphopyridine 
nucleotide (DPNH) in place of nitrite in concentrations ranging from 10 micromoles 
to 25 micromeles per reaction mixture was 10 to 15 per cent as effective as nitrite in 
stimulating oxidation and phosphorylation. Although added ascorbic acid in place of 
nitrite was responsible for a substantial increase in oxygen consumption, it did not 
‘ause a corresponding increase in phosphate esterification. The addition of suc- 
cinate, DPNH, or ascorbic acid, however, did seem to produce a small but definite 
rise in P*? uptake. Ferrous ions appeared not to serve as a substrate in place of 
nitrite, and, in fact, inhibited endogeneous P*? phosphate uptake. 

Inhilitors and uncoupling reagents: Thus far, all attempts to uncouple phos- 
phorylation from nitrite oxidation in the nitrite oxidase system have been unsuc- 
cessful. The separate addition to different reaction mixtures of 2,4-dinitrophenol, 
L-thyroxine and dicumarol in various final concentrations ranging from 10~* 
M to 5 X 10-5 M failed to exert an uncoupling effect. In fact dinitrophenol at a 
final concentration of 5 X 10-4 M and thyroxine and dicumarol each at 5 X 107° M 
completely inhibited nitrite oxidation and, of course, accompanying phosphoryla- 
tion. Aged nitrite oxidase preparations can be obtained which display unchanged 
rates of nitrite oxidation but decreased rates of phosphorylation (Table 1, Experi- 
ment II). It is of interest that antimycin A which acts as a potent inhibitor of the 
mammalian terminal respiratory chain at a presumed site between cytochrome b and 
> also caused significant inhibition (50 to 100 per cent) of the nitrite oxidase at final 
concentrations of 15-20 ug per ml. This concentration, however, is approximately 
100 to 1,000 times greater than that required to cause a similar inhibition of mam- 
malian succino-oxidase and DPNH oxidase. The use of 2n-heptyl-4-hydroxy- 
quinoline-N-oxide in final concentrations of 50 ug per ml caused a 70 per cent inhibi- 
tion of the nitrite oxidase system. 

The presently reported experiments employing cytochrome-containing particles 
from Nitrobacter agilis provide evidence for an oxidative phosphorylation system 
which utilizes nitrite as the oxidizable substrate. The highest P/O ratios attained 
thus far with nitrite in the above experiments are about 0.2. It is quite possible 
that this value may be substantially increased as the system is further characterized 
and more optimal conditions are found. On the other hand, the few studies that 
have been conducted in the past with intact Nitrobacter cells indicating their effi- 
ciency to be of the order of 5 per cent,!? might be a reflection of a relatively inefficient 
energy-coupling process in the course of oxidation of the inorganic substrate. On 
purely speculative grounds this could possibly mean that two or more enzymatic 
pathways are associated with the ultimate transfer of electrons from nitrite to 
molecular oxygen, and that one of these is coupled to phosphate esterification. 
It is not certain at this time whether or not the small stimulation in oxygen uptake 
and accompanying P*? uptake by added DPNH and succinate noted above is 
inherent in the nitrite oxidase system or due to a contamination by separate sys- 
tems. Fractionation of the nitrite oxidase system by differential centrifugation as 
described under Methods and Materials has shown phosphorylative activity to be 
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distributed in all the particulate fractions ranging from P-27,000 to P-144,000. 
The fractions P-58,000 and P-95,000, however, tended to give the highest P/O 
ratios. 

Studies are now in progress to elucidate further the properties and mechanisms of 
the nitrite oxidase system from Nitrobacter with respect to electron transport and 
concomitant phosphorylation. Whether or not the above system actually represents 
the primary means by which the intact organism obtains its energy will also be the 
subject of future investigations. Finally, the question as to how these cells obtain 
their reducing power, which is presumably also derived from nitrite oxidation, is 
still untouched. It would be expected from fundamental biochemical considera- 
tions that both useful energy and reducing power are necessary for the process of 
varbon dioxide assimilation, a process which is obviously carried on in its entirety 
by the autotrophs such as the photosynthetic organisms and the chemosynthetic 
bacteria. 


Summary.—A. partially purified, particulate cytochrome-containing nitrite 
oxidase from Nitrobacter agilis is shown to exhibit phosphorylation coupled to the 
specific oxidation of nitrite. The presence of the oxidizable substrate nitrite and a 
phosphate acceptor such as ADP markedly enhances inorganic P*? phosphate 
incorporation into an organic P* fraction. Added magnesium ions also stimulate 
phosphorylation. ATP has been identified as the phosphorylation product when 
substrate quantities of ADP were used. When catalytic quantities of ADP are 
employed, virtually no organic P** incorporation occurs unless a hexokinase ‘“‘trap- 
ping system”’ is furnished in the reaction mixture. Other nucleotides such as IDP 
and GDP appear to serve as phosphate acceptors in place of ADP, whereas UDP 
and CDP are ineffective. Succinate and DPNH stimulate oxygen uptake at a 
rate which is 10 to 15 per cent of that induced by nitrite, accompanied by a 
correspondingly small stimulation in organic P*? incorporation. Dinitrophenol, 
thyroxine, and dicumarol in concentrations as high as 5 K 10-° M failed to un- 
couple the system. Higher concentrations inhibited nitrite oxidation. Rela- 
tively high concentrations of antimycin A and 2n-heptyl-4-hydroxy-quinoline-N- 
oxide were also inhibitory. 


We are indebted to Jean Z. Gadziola and Reginald H. Garrett for their excellent 
technical assistance. 


* Contribution No. 279 of the McCollum-Pratt Institute. This investigation was supported 
in part by grants from the National Science Foundation and the United States Public Health 
Service (No. RG-2332). 
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THE FIRST STEP IN PHOTOSYNTHESIS: EVIDENCE FOR ITS 
ELECTRONIC NATURE 
By WiILLIAM ARNOLD AND Roperick K. CLAYTON 
BIOLOGY DIVISION, OAK RIDGE NATIONAL LABORATORY, * OAK RIDGE, TENNESSEE 
Communicated by C. B. van Niel, April 27, 1960 


Emerson and Arnold! nearly thirty years ago showed that the act of photo- 
synthesis is not carried out by one chlorophyll molecule but by the cooperation 
of several hundred. These results were verified and extended by Gaffron and 
Wohl,? by Kohn,* by Tamiya,‘ and others. Szent-Gyérgyi® suggested in 1941 
that the cooperation was by way of electronic conduction bands in protein, but 
Evans and Gergely® pointed out that any band in protein would be too high on the 
energy scale to play a part in photosynthesis. Katz,’7in 1949, suggested that chloro- 
phyll in lamellae formed a two-dimensional crystal with a two-dimensional band sys- 
tem for the conduction of electrons and holes. The idea that semiconduction plays a 
part in photosynthesis was discussed further by Bassham and Calvin* and by a 
number of others. Arnold and Sherwood’ demonstrated that dried chloroplasts 
act as semiconductors. 

In the present paper we give new experimental evidence that in the purple bac- 
teria the first step in photosynthesis appears to be purely electronic in nature. We 
have found in chromatephores a new class of reversible spectral changes that are the 
same from 300°K down to 1°K. At 1°K no ordinary chemical reaction can take 
place, and the fact that the spectral changes are the same over such a wide range of 
temperatures shows that no energy of activation is involved. We have evidence 
that the process indicated by these spectral changes immediately precedes the 
oxidation-reduction of the cytochromes that has been studied by a number of 
workers since Duysens’ initial observation.'’° And finally we have an electrical 
experiment on dried chromatophores, showing that upon illumination the positive 
and negative electric charges are spatially separated. 

Materials and Methods.—Rhodopseudomonas spheroides, wild type strain 2.4.1 
(from Prof. C. B. van Niel’s laboratory) and the carotenoidless'! mutant strain 
UV-33 (obtained from Dr. W. R. Sistrom) were cultivated anaerobically in the light 
in a medium described by Cohen-Bazire et al.'*_ Films of dried chromatophores were 
prepared as follows: The cells were suspended in distilled water and disrupted 
sonically; the sonic extract was clarified by centrifuging at 20,000  g. Chromato- 
phores in the extract were collected and washed twice with distilled water by suc- 
cessive 90-min centrifugations at 100,000 xX g. The final aqueous suspension, 
dried on a glass plate, formed an optically clear film, stable at least for months and 
having the same absorption spectrum as the intact cells. 

Spectral changes in these films were observed with a Beckman DK-1 spectro- 
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photometer, modified to admit exciting light to the films and simultaneously to 
measure their absorption spectra. The monochromatic measuring beam passed 
through the chromatophore film and on to the detector. Simultaneously a beam 
of exciting light, perpendicular to the measuring beam, could be projected onto the 
film. By means of color filters, the detector was made to respond to the measuring 
beam and not to the exciting beam. Thus by using infrared exciting light and a 
blue filter in the measuring beam, changes in absorbancy could be measured over the 
range 340-670 my. By passing the exciting light through a CuSO, solution and 
placing a red filter in the measuring beam, the absorbancy could be measured from 
640 to 2,500 mu. For some applications the transmitted light was measured with 
an external photomultiplier used with a Sanborn amplifier-recorder or a Brown 
potentiometer. 

For measurement at low temperature a conventional cryostat was constructed, 
consisting of a Dewar flask containing liquid helium jacketed by a Dewar flask 
containing liquid nitrogen. The helium chamber was pumped to a low pressure, in 
order to attain a temperature of 1°K. The bottom of this arrangement, containing 
a chromatophore film immersed in liquid helium, projected into the light path of the 
spectrophotometer. 


20 


Fic. 1.—Difference spec- 
trum, light minus dark, for 


he \ dried chromatophores of wild 
anti situ thelataen type R. spheroides at room 
| 
| 


temperature (300° K). The 
ordinate is normalized for a 
chromatophore film whose 


\Ar optical density at 590 my is 
1.0. 
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Delayed light, from chromatophore films in a modified Becquerel phosphoroscope, 
was measured by a photomultiplier, vibrating reed electrometer, and Brown po- 
tentiometer. 

Spectral Changes.—Dried chromatophore films: Spectral changes in illuminated 
photosynthetic tissues have been described often, e.g. by Smith et al.,'* by Duy- 
sens,'4and by Kok.” At the Brookhaven Symposium on Bioenergetics in the fall of 
1959, Chance and Nishimura’ reported changes in the absorption spectrum of 
Chromatium upon illumination at liquid nitrogen temperature. Their observations 
prompted us to try films of dried chromatophores. 

Dried chromatophore films show rapid, reversible spectral changes upon illumina- 
tion; the exciting light must be of a color absorbed by the bacteriochlorophyll or 
the carotenoids. The response occurs unchanged through hundreds of repetitions. 

At 1°K the change in absorbancy shows essentially the same spectrum, the same 
kinetics, and the same dependence on exciting light intensity as at 77°K. The mag- 
nitude of the effect changes little from 1 to 300°K. At 1°K this phenomenon could 
be caused only by the excitation and migration of electrons. 

Figure 1 shows the difference spectrum (light minus dark) for a film of wild type 
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R. spheroides chromatophores at 300°K. Figure 2 shows the difference spectrum at 
300° K for the carotenoidless mutant. These difference spectra exhibit waves around 
all of the bacteriochlorophyll absorption bands (in the wild type these bands are at 
375, 590, 800, 850, and 875 mu). The waves correspond to a shift in the positions of 
all the bands toward shorter wavelengths, plus a slight diminution and sharpening of 
the bands. Measurement of scattered light showed that these spectra represent 
changes in absorption and not in scattering. Other changes, associated with colored 


0.025 


300 °K 





Fic. 2.—Same as Figure 1 
for the carotenoidless mutant 


of R. spheroides. 








carotenoids, can be discriminated by comparing Figures 1 and 2. Absorption 
spectra of these films change slightly as the temperature is reduced from 300 to 


77°K and to1°K." The difference spectra show corresponding change’, preserving 
the appearance of a shift in each bacteriochlorophyll absorption band toward shorter 


wavelengths. 


Fia. 3.—Time course of the change in trans- 
mission at 610 my for dried chromatophores of OD 

- A cazsingems 
wild type R. spheroides at 300°K., exposed to (610 my) 
two intensities of exciting light (15 and 240 
arbitrary units, respectively). A Sanborn 
amplifier-recorder was used with a photo- 
multiplier. 
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Fic. 4.—Same as Figure 3 but at 300° \o50°K (| 

four temperatures. Wavelength 420 APPROX, yearn [Xe 
mu; exciting light (250 arbitrary units) | im 

onforlsec. Beekman DK-1 detecting ] é — 

and recording system (300 and 250°); t ry t | 
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Figure 3 shows the onset and decay of the change in absorption at 300°K (wild 
type film measured at 610 my) for two intensities of exciting light. The kinetics 
and the dependence upon exciting light intensity are the same at all wavelengths. 
Figure 4 shows the time course of the change at four temperatures. The slowing 
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of the decay between 300 and 250°K we attribute to electron trapping, as found in 
dried chloroplast films by Arnold and Sherwood.'* At lower temperatures, where 
electron trapping does not occur, the decay is independent of temperature and 
follows the second order equation 


dx/dt = — ax? 


as shown by Figure 5. 

The steady state value of the change in transmission increases roughly as the 
square root of the intensity of the exciting light, up to a point at which the exciting 
light becomes saturating. 
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10 45 Fic. 6.—Effect of hydroxylamine on spectral 


TIME (sec) changes and on photosynthesis in intact carote- 

noid less mutant R. spheroides at 300°K. The 

Fic. 5.—Kineties of the decay of the change in transmission at 880 my and the rate of 

change in transmission for dried chromato- photosynthesis are expressed in arbitrary units. 

phores of wild type R. spheroides, when the Photosynthesis was measured manometrically (gas 

exciting light is turned off. Wave length phase He + 5% CO,; substrate sodium propi- 

610 mu; temperature 77°K. The change in  onate). 

transmitted light intensity isdenoted z. For 
second order kinetics (dz/dt = —az?) a 
linear relation between 1/z and tis required. 


If a film of wild type chromatophores is exposed to ethanol vapor for a few min- 
utes, the changes in Figure 1 that are due to the carotenoids no longer occur. The 
response to light becomes like that of the carotenoidless mutant, although the 
absorption spectrum of the film is unchanged. This experiment shows the impor- 
tance of structure for the optical effect. Ethanol vapor should attack the lipid 
phase of the chromatophores and disorganize an ensemble of molecules attached to 
the lipid phase. Carotenoids, having only a nonpolar means of attachment, should 
become disoriented. The attack should be much weaker on the bacteriochloro- 
phyll ensemble, as this molecule has a polar linkage to protein. 





VoL. 46, 1960 BIOCHEMISTRY: ARNOLD AND CLAYTON 773 


Prolonged treatment with acetone, sufficient to extract the carotenoids but not 
the bacteriochlorophyll, abolishes the entire difference spectrum. 

Intact cells: Chromatophores suspended in water show the same absorbancy 
changes, upon illumination, as dried films. The response to light of intact cells'® is 
entirely different; the carotenoidless mutant of R. spheroides shows changes only in 
the regions of cytochrome absorption. The absence of changes near the bacterio- 
chlorophyll maxima suggested that in the healthy intact cells, the electron trans- 
port machinery prevents a pool of primary excited electrons from accumulating. 
Poisons should then permit this accumulation and bring on the corresponding 
spectral changes. Sodium azide, in the range 0 to 1 M, first exaggerates and then 
abolishes the cytochrome changes in intact carotenoidless mutant R. spheroides. 
Concomitantly the spectral changes seen in dried films appear, becoming maximal 
at the highest azide concentration. A more delicate experiment, using 0 to 0.03 
M hydroxylamine, is illustrated in Figure 6. The rise in the optical effect at 880 
my exactly parallels the decline in rate of photosynthesis. These spectral changes 
are abolished by heating for 1 min at 80°C. 

In wild type R. spheroides, illumination causes large spectral changes in the 
regions of carotenoid absorption and smaller changes in the cytochrome and bac- 
teriochlorophyll regions. These changes are more rapid than in the films. The role 
of carotenoids in this system is too poorly understood to warrant speculation. 

Delayed light: That purple bacteria emit delayed light has been known for some 
time.”® It would be of interest to know if dried chromatophores emit delayed light 
and how the decay of the light corresponds to the decay of the spectral changes dis- 
cussed above. For this purpose we have constructed a large aperture Becquerel 
phosphoroscope. We have had great difficulties with the instrument because 
photomultipliers are very sensitive to light in the 900—1,000 my region, and there- 
fore we have as yet little certain information on the kinetics of the delayed light. 
Two facts important for the present argument have emerged: 

1. The delayed light from dried chromatophores is an order of magnitude 
brighter than from living bacteria. 

2. The intensity of the delayed light, measured 0.005 sec after the exciting 
flash, is approximately proportional to the intensity of the exciting light. This 
linear relationship extends to intensities of the exciting light higher than that needed 
to saturate the spectral changes. 

Photoconductivity: Films of dried chromatophores can be shown to be photo- 
conductors by the method used by Arnold and Maclay”! for dried chloroplasts. 
A film of chromatophores on a sapphire plate, provided with graphite electrodes 
spaced 1 mm apart and each 20 mm long, has a resistance of 10" ohms. By connect- 
ing 500 volts to one electrode and a vibrating reed electrometer to the other, the 
current in the dark and light can be easily measured. Figure 7 gives the results 
of such an experiment. The vibrating reed is connected so as to measure charge; 
thus the slope of the line is a measure of the current flowing through the sample. 
As can be seen a larger current flows while the sample is illuminated. By changing 
the wavelength of the exciting light it is found that the action spectrum for this 
photoconductivity has a peak between 800-900 mu, as is to be expected for bacterio- 
chlorophyll. 
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Figure 7 also shows that at the instant the exciting light is turned on there is a 
sudden flow of charge through the sample. When the exciting light is turned off this 
flow is reversed. ‘This step in the charge, representing a sudden change in the di- 
electric constant of the chromatophores, also has the action spectrum of bacterio- 
chlorophyll in the 800-900 my region. 

Discussion.—As a model of the chromatophore we will use the one proposed by 
Bergeron:?? The chromatophore is a sphere of 320 A diameter; the outer shell of 60 
A is made of protein; the inside sphere of 200 A is lipid. The 600 bacteriochloro- 
phyll molecules in one chromatophore form a monolayer on the boundary between 
the protein and the lipid. We consider the bacteriochlorophyll monolayer to be a 
two-dimensional crystal with valence and conduction bands in the plane of the 
erystal. Franck and Teller®* have argued that in a chlorophyll crystal where there 
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TIME (min) Fic. 8.—Schematic diagram of the electronic 
band system of the chromatophore. Ch repre- 
sents the chlorophyll crystal viewed edge on. 
The two directions of electron and hole motion 
are normal to the paper. CB is the conduction 
band, and VB is the valence band, A is the first 
substance to become reduced, by accepting an 
electron from the conduction band. B is the first 
substance to be oxidized, by accepting a hole 
from the valence band. 


Fic. 7.—The photoconductivity of the chro- 
matophore film is shown by the larger slope 
during the time that the exciting light is on. 
A sudden step in the charge can be seen at the 
beginning and at the end of the illumination. 
The wavelength of the exciting light was 850 
my. 


is interaction between the molecules there should be large changes in the absorption 
spectrum. The small chlorophyll crystals prepared by Jacobs et al.?4 do show the 
expected shift to the red. We point out that the type of crystals that we propose 
differs in three ways from the foregoing crystals: 

1. They are only one molecule thick in one direction. 

2. They are made of only a few hundred molecules. 

3. The orientation of the bacteriochlorophyll is partly determined by the pro- 
tein and lipid and may be very different than in an ordinary crystal. 

Figure 8 is an energy diagram for this model; the ordinate represents energy of 
the electron. The abscissa is the direction from lipid to protein. The space labeled 
Ch represents the bacteriochlorophyll crystal viewed edge on, so that the two direc- 
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tions of electron and hole motion must be thought of as normal to the paper. CB is 
the conduction band, and VB is the valence band. ‘‘A”’ is the first substance to be- 
come reduced, by accepting an electron from the conduction band. ‘“B”’ is the first 
substance to be oxidized, by accepting a hole from the valence band. The placing 
of A and B in the protein is completely arbitrary. 

The illumination of the chromatophore transfers electrons from the valence band 
to the conduction band; the return transfer has a certain probability of emitting 
light and is the mechanism for the production of delayed light. 

When the electron transport system is not taking electrons and holes from the 
bacteriochlorophyll, the electric field surrounding the separated electrons and holes 
modifies the energy levels of the bacteriochlorophyll to produce the spectral changes 
near its absorption bands. It is clear, since all five of these bands show the same 
shift toward shorter wavelengths, that the ground state is the one that is changed. 
The ground state is lowered by the electric field. Furthermore, the effect of the 
electric field saturates as the number of electrons and holes is increased. Disre- 
garding electron trapping, the kinetics of the spectral changes are of second order, 
as expected for the recombination of electrons and holes in a semiconductor. 

When the bacteria are doing photosynthesis, the number of electrons and holes 
is reduced so that the spectral changes in bacteriochlorophyll are very small or 
absent. The appearance of these spectral changes as the enzyme machinery is 
poisoned provides the most compelling evidence, short of a determination of quan- 
tum yield, that we are dealing with a step in photosynthesis and not with a collateral 
effect. 

The very high electrical resistance shown by the dried films is due to the difficulty 
the electrons have in going from one chromatophore to another through two layers 
of protein. The increased current during illumination then represents a sharp drop 
in the resistance within each chromatophore. The abrupt change in dielectric 
constant upon illumination is the strongest argument possible that light actually 
separates the positive and negative charges in the chromatophore, and that within 
one chromatophore they are then free to move under the action of the external elec- 
tric field. The fields we have used, of the order of 5000 volts per cm, are far too 
small to cause ionization. The return of charge when the light is turned off is 
simply the recombination of electrons and holes. 

We give no discussion of the role of the carotenoid pigments as we do not under- 
stand the part they play in photosynthesis. 

The fact that the reversible spectral changes are still found at 1°K means that 
they are purely electronic in nature. We believe that the first step in photosyn-— 
thesis, in purple bacteria, is the simple act of separating an electron and a hole. 

We expect that further experiments will show a similar process operating in green 
plant photosynthesis and probably in the visual process as well. 

Summary.—The first step in photosynthesis appears to be the separation of an 
electron and a hole in a chlorophyll semiconductor. This statement rests on the 
following evidence: 

1. In chromatophores of photosynthetic bacteria the chlorophyll shows, upon 
illumination, a reversible shift in every absorption band toward shorter wave- 
lengths. 

2. This shift is essentially the same from 300 to 1°K. 
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3. The process responsible for this shift precedes the operation of the enzymatic 
electron transport system. To the extent that enzymes can remove the primary 
excited electrons, the shift is diminished. 

4. The sudden change in dielectric constant of dried chromatophores upon 
illumination shows that electrons and holes are spatially separated. 


During the course of this work we have had help from many people, but three 
in particular must be mentioned: Dr. L. D. Roberts, Physics Division, Oak Ridge 
National Laboratory; Dr. Michael Kasha of the Department of Chemistry, Florida 
State University; and Dr. 8. F. Carson, Biology Division. Oak Ridge National 
Laboratory. 
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A variety of effects on growth have been observed in the presence of excess 
deuterium in living cells. The effects reported include: extremely slow, sporadic, 
and unpredictable growth in chlorella,' morphological abnormalities in algae? 
and in bacilli,* and complete inhibition of germination in the tobacco seedling.‘ 

These effects have been invariably attributed to the toxicity of deuterium. 

We offer here evidence that the rare isotopes of hydrogen and of oxygen may be 
no more toxic than the more abundant isotopes. The anomalous growth effects 
are caused not by the rare isotope per se but rather by the unusual mixtures of 
isotopes within the organism when they are transferred from the environment of 
one isotope to another. 

The conclusions of other investigators were based on studies of events occurring 
when organisms grown in H,O were transferred to D.O. We have adventitiously 
observed growth phenomena during the reverse situation: the fate of microor- 
ganisms grown in 92% H,O® or 100% D.O when they are transferred to H.O”. 

We found that Escherichia coli can be grown either in 100% D.O or in 92% 
H,O'*. The organisms in logarithmic growth phase in either medium do not differ 
in shape, size, or morphological features from organisms grown in H.O. However, 
if the labeled organisms are transferred into media containing normal H.O, they 
undergo similar erratic growth phenomena as do organisms which are subjected to 
the reverse change in their milieu: from the more abundant to the less abundant 
isotope. 

The experiments were carried out as follows. £. coli B and E. coli Ky (ATCC 
No. 10798) were grown in H,O in synthetic medium.’ They were centrifuged 
when in logarithmic growth phase and were suspended in media containing either 
100% D.0 or in water containing 92% O'8 and 8% deuterium.f The carbon source 
was ordinary glucose. Enough organisms were added in each case to yield a con- 
centration of 107 viable cells per ml and the cultures were incubated aerobically 
at 37°. 

Experiments with O'8.—The organisms grown in normal water when suspended in 
H,O' showed a growth lag of about 2 to 3 hr and then grew at a somewhat slower 
rate than they do in H,O"*. The generation time of F. coli B under our conditions 
of culture was found to be 1 hr in H,O"* and 1.5 hr in 92% H.O*. 

The organisms which were fully labeled with O'8 when viewed under a micro- 
scope could not be distinguished from a culture grown in H,O" in the same growth 
phase. 

The heavily labeled organisms were harvested by centrifugation and were inoc- 
ulated to a population of 10° cells per ml into a synthetic medium prepared with 
normal H,0. 

The culture was incubated and the organisms were observed under a phase 
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contrast microscope at intervals. Growth was measured turbidimetrically and 
by plating for viable cell counts on both nutrient and minimal agar. 

The two strains of organisms F. coli B and E. coli Ky (ATCC No. 10798) ex- 
hibited different morphological changes when transferred from HO" to H,O"*. 
The cells of FL. coli B became slightly thicker and appeared more densely granulated. 
However, F. coli Ky labeled with O' exhibited a whole spectrum of morphological 
changes during 4 hr of incubation in H,O'*. At the start they appeared as a nor- 
mal culture of these organisms. Within an hour the cells thickened and lengthened 
to twice the dimensions of the normal cell. Numerous biseptate cells appeared. 


Lata, 


Fria. 1.—Morphological changes in EZ. coli Kj. after transfer from HO" to H.O'*. (A) The cells 
fully labeled with O'8. (B) After 1 hr in H.O'% medium. (C) After 2 hr in H,O'* medium. (D) 
After 3 hr in H,O'* medium. Magnification by the microscope was 1280. Enlargements 
through photography are the same. 


After 2 hr of incubation the cells were monsters in size. Multiseptate and chain 
forms were frequent. Within 3 hr the culture was a mixture of normal cells and 
monsters. After 4 hr the culture reverted to its normal appearance. Typical 
cells from this sequence are shown in Figure L. 

The tally of the viable cells on nutrient and minimal agar revealed another 
anomalous condition of the O' labeled cells during the first 3 hr of adaptation to 
the new environment of H.O'*. The number of viable cells of £. coli B on minimal 
agar was 40 to 50% greater than the number of enriched agar (Fig. 2). (It should 
be emphasized that the random deviation in plating for viable cells is 5 per cent or 
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less in our hands.) It appears that the transfer of cells grown in 92% HO" to 
H.O'* interferes with some process involved in cell duplication or division. In the 
synthetic liquid medium and on the minimal agar the slowly dividing cells are 
able to survive, yielding eventually, after 3 hr of adaptation, a normal population. 
However, many of the labeled cells are unable to cope with the accelerated rate of 
growth when transferred too early to the nutrient agar in which their division rate 
is trebled over that in minimal medium. 

Obviously, the effects of some unbalanced growth would be minimized on minimal 
agar. For example, cells which are made fragile by interference with their cell- 
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Fic. 2.—Growth of E. coli B in H,O" after harvesting from an HO" medium. 
The curve on the left represents turbidity expressed in ‘‘nephelos’’ units. On the 
right, the upper curve represents the viable cells tallied on minimal agar, the lower 
curve on nutrient agar. The data for these two curves were obtained by plating 
identical aliquots from the same dilution tube on the different agar plates. 


wall synthesizing capacity by 5-Fluorouracil can be viable on minimal but not on 
nutrient agar. The elucidation of the question whether the transfer from an en- 
vironment of O' to O'® water involves unbalanced growth or some other disturb- 
ances with cellular synchrony awaits further study. 

The differential count on nutrient agar and on minimal agar showed even greater 
discrepancies during the period of adaptation of O'* labeled F. coli Ky cells to 
H.0'8.t 

Experiments with D-O.—When bacteria grown in ordinary water were trans- 
ferred into 100% D.O to a concentration of 107 cells/ml, it was found that there 
was a lag of 24 to 30 hours during which no growth was measurable turbidimetri- 
‘ally. Once the bacteria started growth, their generation time proved to be about 
6 hr for both strains of #. coli. These organisms in H,O under the same conditions 
have a generation time of 1 hr. The organisms grown in 100% D.O when viewed 
under a microscope could not be distinguished from a normal culture grown in 
H.O in logarithmic growth phase. 
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The course of growth of the deuterium-enriched EF. coli Ki: when they were 
transferred to synthetic medium in ordinary water to a concentration of 10° cells/ml 
is represented in Figure 3. These cells gave no evidence of failure to give rise to 
viable clones when they were transferred to enriched media. The cell counts on 
minimal and on nutrient agar were identical. There was a lag of 2 hr during 
which there was a 30 per cent increase in turbidity but no change in viable cell 
count. During the third hr there was nearly a doubling of turbidity but only <¢ 

30 per cent increase in viable cell count. 

900 Examination of the culture under a 
phase contrast microscope revealed the 
reason for the discrepancy. There 
were many dead cells and multiseptate 
forms were frequent. After 4 hr the 
culture appeared normal. 

Apparently it takes 4 hr for these 
deuterium-enriched organisms to adapt 
to the novel environment of H,O. It 
is to be noted that mere transfer from 
one medium to an identical isotopic 
medium does not result in a lag or 
inhibition of growthrate. (See curve 1, 
Fig. 3.) 

In Figure 4 the course of growth of 
deuterium-enriched E. coli B when 
they were transferred to synthetic 
medium in ordinary water to a concen- 
tration of 10° cells per ml is presented. 

With this organism there appeared 
to be no tendency toward the forma- 
tion of multiseptate forms but there 

was a lag of 4 hr during which the cell 
. 4'0° count remained stationary. (A culture 
HOURS in HO of these organisms when transferred 

Fic. 3.—Growth of E. coli Kz labeled with from H:0 to HO Meaihy doubles within 
D,O when transferred into H.O. Curve 2 the first hr. See curve, 1, Fig. 4.) 
representa the turbidity, curve the ell gount Tis apparent from these data that 
1 represents the growth of this organism, the phenomena observed when or- 
measured py turbidity, when the organise’ gunisms are transferred from H,0 to 
medium. D.0 should not be ascribed merely 

to the toxicity of the rare isotope, for 
they occur under the reversed conditions as well: H.O is apparently ‘toxic’ to 
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organisms grown in D.O or in H,O*. 

Discussion.—The anomalous growth pattern in altered isotopic environments is 
not a generalized phenomenon. That £. coli B can be shifted from high concentra- 
tions of N™ to N'4 without change in their pattern of growth is obvious from the 
experiments of Meselson and Stahl.’ We also found that both EF. coli B 
and EF. coli Ky fully labeled with either of the isotopes of nitrogen can be 
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transferred to the environment of the other isotope without any discernible effect. 

The anomalous growth effects with the elements of HO are probably merely 
the visible summation of disturbances in the synchrony of reactions within the cell. 
A variety of mechanisms at the molecular level could aecount for the phenomena 
observed. The organic constituents of the Z. coli grown in a medium of 92%-H,0"* 
and normal glucose and phosphate will be heavily labeled with O'8. For example, 
the proteins will contain about 60% O'8.§ O'8 atoms will be found in the oxygen 
of the peptide bonds and in the oxygen atoms of the purines and pyrimidines. Sub- 
stitution of the O'8 for O'* will affect the strength of the hydrogen bond between 
C=O and N-H groups in the proteins and the nucleic acids and could affect the 
geometry of these molecules. Transfer of these labeled cells to a medium con- 
taining normal H.O will not lead to the loss of the O'8 atoms in the above com- 


“109 


~ 
° 
° 


> 
a 
fo) 
o 
ax 
2 
. 











108 





5 
HOURS 


Fia. 4.—Growth of £. coli B labeled with D.O when transferred 
into HO. Curve 2 represents the turbidity, curve 3 the cell count 
on both minimal and on nutrient agar. Curve 1 represents the 
growth of this organism measured by turbidity when the organ- 
ism grown in H,O is transferred into fresh H2O medium. 


pounds. Any changes in the three-dimensional configuration of the structural 
elements of the cell which arose from the substitution of O'8 for O'* will be retained 
on transfer of the cells from the H.O'’ medium to the normal water. 

Similarly, the growth of F. coli in D.O leads to the incorporation of D into the 
newly synthesized constituents of the multiplying cells. 

On transfer of these cells to a medium containing normal water the deuterium 
atoms bound to O, N, and § atoms will exchange. However, this exchange is 
not instantaneous for all the deuterium atoms of a protein. Linderstrém-Lang has 
shown that some of these atoms take hours to exchange and has suggested that these 
slowly exchangeable atoms are involved in hydrogen bonding of proteins. The 
strength of the hydrogen bond when either O'8 replaces O'* or D replaces H should 
change because of the difference in the zero point energy resulting from the isotopic 
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substitution. Calvin et al.° have shown that replacement of the hydrogen atom of 
the peptide bond in poly-y-benzyl-L-glutamate changes the strength of the hydro- 
gen bond in the a helix of this molecule by about 100 calories per bond. Since the 
three-dimensional structure of most of the structural elements of the cell—the 
proteins, the nucleic acids, and water itself—is dependent on the strength of the 
hydrogen bond, isotopic substitution must affect the geometry of these components. 
Interference with the self-duplicating mechanisms of the cells could arise from 
even small energy changes of inter- and intramolecular forces. 

Of course, the organic constituents of the cell will contain D atoms in stable 
linkage, but these have little effect on van der Waals forces or hydrogen bonding. 

In addition to structural effects the admixture of cell components of different 
isotopic species may produce dynamic effects as well. This may be expected when 
cell components heavily labeled with one isotope interact with newly formed com- 
ponents from another species of isotopes. 

The study of reactions between enzymes and substrates synthesized from dis- 
similar isotopic species of hydrogen and oxygen should, therefore, be of considerable 
interest. 
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to changes in its nutrient environment even when its isotopic milieu is not altered. But the effects 
of such changes are negligible compared to those produced by the shift from H,O'* to H.O". 
These observations are being extended and will be presented elsewhere. 
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MODIFICATION OF THE STRUCTURE OF WATER IN AGAR GELS* 
By O. Hecuter, T. Wirrstruck, N. McNIven, AND G. LESTER 
WORCESTER FOUNDATION FOR EXPERIMENTAL BIOLOGY, SHREWSBURY, MASSACHUSETTS 


Communicated by Albert Szent-Gyérgyi, April 14, 1960 


The possibility that the structure of water is modified in the neighborhood of 
large structures with hydrogen-bonding surfaces to give rise to ordered lattices 
has been extensively discussed (cf. Bernal') and considered in relation to biological 
systems.2-> Nuclear magnetic resonance (NMR) affords a technique to examine 
the possibility that “ordered” states of water, intermediate in rigidity of structure 
between ‘free’? water and ice actually exist. Evidence from proton magnetic 
resonance studies indicates that the resonance signal of the water protons in systems 


containing macromolecules like deoxyribonucleic acid (DNA)? or tobacco mosaic 
virus (TMV)* as well as in certain cellular preparations (e.g., vaginal cell sediments 
and erythrocytes’) differ from those obtained with free water. It is not known, 
however, whether these changes are due to “ordered”’ water lattices or to other 
factors which influence the NMR signal. Thus, the reported broadening and 
decreased area of the proton signal of the water in systems of DNA?* and TMV, 


9 


interpreted as evidence for ‘ordered water lattices,” are regarded by Balazs, 
Bothner-By, and Gergely’ as the influence of diamagnetic anisotropy in mole- 
cules of this type upon the proton signal, rather than resulting from “structuring” 
of water. 

We wish to report high resolution NMR studies on agar gels which at present 
can best be interpreted as indicating that the water in such a gel is in a modified 
“state” with properties of structural rigidity intermediate between ice and free 
water. Other factors which might give rise to the NMR results have been sys- 
tematically examined and found not to be responsible for the altered magnetic 
resonance properties of water in the agar gel system. 

Materials and Methods.—The NMR spectra were obtained using a Varian Model 
V4302 high resolution NMR spectrometer, operated at a frequency of 60 Mc/s. 
The field was swept at 1.4 cps/sec unless otherwise stated. The areas of the NMR 
signals were obtained by weighing traces of the signal and comparing these to the 
weights of the traces of NMR signals from known H,O standards, prepared by 
diluting H.O with D.O. T; for the water signal, when measured, was obtained 
using the direct method.’ The line width of the proton signal for water 
was measured at the half-height of the peak amplitude. The charts were cali- 
brated by using side-bands produced by a Hewlett Packard wide-range oscillator 
(Model 200 CDR). The samples were placed in calibrated 5 mm. O.D. tubes and 
measurements were carried out at room temperature (30°C) unless otherwise 
specified. 

The agar employed was Bacto-agar (Difco); similar NMR results were obtained 
after the sample was exhaustively leached with water, ethanol, acetone, and ether. 
Two USP samples of gelatin (Difeo and Knox) were studied and gave similar re- 
sults. Samples of methoxycellulose (Methocel, Dow Chemical Co.) of varying 
viscosity grades (15, 400, 1,500, 4,000, and 8,000 centipoises) and of sodium e¢ar- 
boxymethy] cellulose (Hercules Powder Co., CMC-7HCP, CMC-12HP, CMC-7MP, 
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and CMC-7LP) were used. Polyvinyl pyrollidone (PVP-30, General Aniline & 
l‘ilm Corp.) and pectin (Nutritional Biochem. Corp.) were also studied. 

Results When examined under high resolution NMR spectroscopy, the line 
width of pure water measured under our conditions is 1.6 + 0.4 eps, and this value 
is not significantly altered when water is progressively diluted with D.O. In 
marked contrast, water protons of agar gels at room temperature give a much 
broader signal with decreased amplitude relative to the water standard. The 
line widths vary from about 5 eps for a 1 per cent agar to about 50 eps for a 10 
per cent gel. With 3 per cent agar gels, the concentration used for most of these 
studies, the line width is about 16.5 eps, with a variation of about +3 eps. The 
area under the curve of H,.O—D.O mixtures (ranging from 100%-25% H.O) is 
directly proportional to the concentration of protons in the sample. In 3 per cent 
agar gels there is observed an apparent decrease in the area under the curve 
of the water signal compared to 100 per cent water standard at the same setting, 
suggesting that about half of the protons of the water are not being registered. 
Most or all of the ‘‘missing’”’ water signal, however, becomes apparent on increased 
amplification and appears in the “wings,” the increased line width of agar gels 
remaining constant. The increased line width in agar is not due to saturation of 
the system of protons by the rf (radiofrequency) field, since the line width of water 
in 3 per cent agar was found to be independent of the rf intensity normally used. 

The line width of agar gels was markedly influenced by temperature. On heat- 
ing a sample in a boiling water bath and then recording spectra as the agar is 
cooling, changes are observed, the water signal in hot agar sols resembling free 
water and becoming broader as it gels. At temperatures of 63° to 48°C, 3 per 
cent agar shows a line width of 2 eps; upon further cooling to room temperature it 
achieves its final broadened state. This finding demonstrates that a paramag- 
netic impurity in the agar is not responsible for line broadening since such a fac- 
tor should be operative independent of temperature. T, in 3 per cent agar gels 
prepared in distilled water is of the same order as that of pure water. Although no 
direct determinations of T, were made, the “ringing” observed on the oscilloscope 
with H,O, is markedly reduced in the agar samples, as shown in Figure 1, indicat- 
ing that T. is decreased relative to pure water. 

The broadening observed in agar gels is highly specific. Gelatin gels prepared 
in water (5 to 25%) do not show significant broadening of line width. Methocel 
solutions (2%), ranging in absolute viscosity from 15 to about 7,500 centipoises at 
20°, as well as their gels (prepared by heating) did not exhibit the broadening. 
Similarly, 2 per cent solutions of sodium carboxymethylcellulose (CMC), ranging 
in absolute viscosity from 35 to about 40,000 centipoises (at 25°) did not exhibit 
line widths greater than 4 cps, even though high viscosity CMC sets up to form a 
thixotropic gel. Viscous solutions of PVP (40-50%) and pectin (5%) likewise 
have only slight effects on line width of the water signal. Balazs et al.’ who studied 
a great variety of other gel systems, including collagen, hyaluronic acid, myosin, 
and gelatin, have reported no broadening of the water signal. Accordingly, the 
line broadening observed with agar cannot be explained in terms of any simple 
gelation or viscosity effect. 

Other differences between agar gels and the other gel systems mentioned were 
evaluated. For example, it is possible to consider that there are relatively large 
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“lakes” in gels like gelatin whereas in agar gels the matrix might be so arranged 
that the water was enclosed within small heterogeneous compartments, which 
might theoretically give rise to the broadening observed with agar. It is also 
possible to consider that as agar sets to form a gel, diamagnetic anisotropy is in- 
troduced, whereas with the other gels this does not occur. These possible ex- 
planations for line broadening were examined by studying the behavior of the CH; 
protons of tetramethylammonium chloride added to agar; these protons should be 
subject to the same influences as the protons of water in the gel. Agar gels (3%) 
prepared in 1 .V/ tetramethylammonium chloride show the characteristic broaden- 
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Fic. 1.—The oscilloscope tracings of 
high resolution proton magnetic resonance 
spectra of 3 per cent agar gel and of pure 
water at the same settings, illustrating re- 
laxation wiggles (ringing). A decrease in 
ringing is associated with a decrease in 7's, 
the spin-spin relaxation time, which is a 
measure of the rate at which the nuclear Fig. 2.—The recorded N MR spectra at a constant 
moments transfer energy to one another, setting of 1M tetramethylammenium chloride in 20 
either directly with each other, or with per cent H.O-80 per cent D.O at 30° (A), and 3 per 
their environment. cent agar gel made up in the same aqueous system at 

52°(B), 42°(C) and 34°(D); the water peak is at the 
left, 89.7 eps. ““downfield’’ from the methyl peak at 
room temperature (30°) in both water and 3 per cent 
agar. Note that in 3 per cent agar, the methyl! peak 
remains constant in line width and peak amplitude, 
while in agar the water peak increases in line-width 
and decreases in peak amplitude as temperature de- 
creases and gelation occurs. 





D 
34° 





ing of the water peak; however, the methyl peak (89.7 cycles upfield at room tem- 
perature) is not significantly broadened. Moreover, on heating such agar gels 
and recording spectra while cooling, it is observed that the methyl peak shows no 
significant change as the temperature of the gel is varied, while the water peak is 
sharpened at high temperatures and broadens as temperature is lowered. Figure 
2 shows a typical experiment of this type; to obtain tracings which show both the 
water peak and the methyl peak at the same level of amplification during the 
course of the run, the H,O signal in the experiments shown are those obtained using 
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1 M tetramethylammonium chloride in 20% H:O-80% D2O, so as to decrease the 
H.O peak.” (Similar results are obtained if 100 per cent water is used, except 
that in this case it is necessary to increase amplification after the water peak has 
been recorded to see the characteristics of the CH; peak.) Since heterogeneous 
compartmentalization of water, diamagnetic anisotropy of the system, or the presence 
of paramagnetic impurities should influence the protons of water and methyl to an 
equivalent extent, the line broadening of the water peak in agar is not explicable 
in terms of these factors. There remains the possibility that the line broadening 
is due to decreased mobility of water protons in agar gels relative to pure water, 
implying the existence of water structures intermediate in rigidity between free 
water and ice. 

It must be emphasized that the water in agar gels does not appear to be a two 
phase system consisting of a mixture of “free”? water and water in some other state. 
On high amplification there is no evidence for discontinuity of the water signal in 
agar gels; moreover, if a capillary containing “free’’ water is introduced into a 
3 per cent agar gel, this free water sample registers as a superimposed peak to the 
“low field” side of the agar-water signal (together with its ringing), suggesting that 
if a large fraction of free water had actually been present in the gel, this might 
have been registered as a peak superimposed on a wider signal (lig. 3). 





Fic. 3.—A high amplification recorded spectrum of a 3 per cent agar 
gel containing a capillary filled with pure water. The water in the capil- 
lary registers as the sharp peak, with ringing, to the left (downfield) of 
the peak of the bulk water present in 3 per cent agar. 


The present results, which indicate that the water in an agar gel at room tem- 
perature is in a state different from that of ordinary aqueous solutions, can be 
interpreted along lines discussed by Bernal.! Thus, it may be considered that at 
the surface of the polysaccharide chains in 3 per cent agar, water molecules are 
hydrogen-bonded to hydroxyl groups (on a 1:1 or 2:1 basis) resulting in a rigid 
“‘ice-like”’ arrangement of a small number of the water molecules. The bulk of the 
water between polysaccharide chains, which registers in NMR, would be subject 
to so-called long range forces and be in a state intermediate between an ice-like 
arrangement and “free” to the extent that it would possess a certain degree of 
rigidity reducing its mobility, while in large part retaining the solvent properties 
of free water. Such an explanation could account for the fact that the water in 
agar gels, while appearing to be “free” to act as a solvent for tetramethylammonium 
chloride, nevertheless appears to be “‘ordered”’ to a higher degree than ‘free’ water. 
The specificity of agar among a variety of polysaccharides and gels indicates the 
importance of some structural feature of the gel matrix which appears to be neces- 
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sary for the “ordering” of water molecules. The specific mechanism involved, as 


vet unknown, merits serious investigation. 

Summary.—The proton signal of the water in agar gels, studied in high resolution 
NMR, differs from that of pure water in that the line width is significantly broad- 
ened and the amplitude is decreased; T, is not influenced but T» is decreased. 
This effect in agar is not shown by a variety of other gels and viscous solutions 
studied. The signal of the methyl protons from tetramethylammonium chloride 
is essentially equivalent when studied in agar gels or in pure water in marked con- 
trast to the proton signal from water. These findings demonstrate that a possible 
heterogeneity of the internal field, resulting from compartmentalization of 
water, diamagnetic anisotropy, or the presence of paramagnetic impurities, are 
not responsible for the NMR changes observed in the water of agar gels. The 
NMR data can best be explained at present on the basis that water in an agar gel 
is in a modified state with properties of structural rigidity and mobility inter- 
mediate between “free’’ water and ice. 


We should like to thank Dr. John Waugh, Massachusetts Institute of Tech- 
nology, for critical discussions as this work was in progress. The authors are 
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STUDIES ON BEEF SPLEEN CATHEPSIN A* 
By Noau LICHTENSTEINT AND JOSEPH 8. FRUTON 
DEPARTMENT OF BIOCHEMISTRY, YALE UNIVERSITY 
Communicated April 22, 1960 
Previous studies on the action of proteolytic enzymes in animal tissues (spleen, 
kidney, liver) on synthetic substrates for well-defined proteinases (pepsin, tryp- 
sin, chymotrypsin) have led to the identification of three cathepsins, designated 


A, B, and C, respectively.'. Cathepsin A (termed cathepsin I in earlier papers?~‘) 
was characterized by its optimal action on carbobenzoxy-L-glutamyl-L-tyrosine 
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(a substrate for pepsin®) near pH 5.6, and the absence of a requirement for acti- 
vation by cysteine or of inhibition by iodoacetic acid.? This substrate also ap- 
pears to be cleaved by a carboxypeptidase present in spleen and kidney, and 
which requires activation by SH compounds.* Cathepsin B (termed cathepsin II 
in earlier papers*: *) hydrolyzes benzoyl-L-argininamide (a substrate for trypsin®) 
at pH values near 5.3 and requires activation by SH compounds.’ Cathepsin C 
deamidates glycyl-L-tyrosinamide (a substrate for chymotrypsin‘) in the pH range 
4-8, and is activated by SH compounds.’ Highly purified preparations of cathep- 
sins B and C have been obtained from beef spleen,’: '° and have been shown to cleave 
proteins; studies of the specificity of these two enzymes toward synthetic substrates, 
however, have shown significant differences from those of trypsin and chymotrypsin 
respectively.”: 1! Although cathepsin A has been considered to be similar to pepsin 
in its specificity, highly purified preparations of this enzyme have not been available 
for careful specificity studies, and work has therefore been undertaken in this 
laboratory directed to the purification and characterization of cathepsin A. 

The present preliminary communication is prompted by the publication of a 
report by Press, Porter, and Cebra!? on the preparation, from beef spleen, of a 
proteolytic enzyme, designated by them cathepsin D. Although highly purified 
preparations of this enzyme cleaved the B chain of insulin at peptide bonds com- 
patible with the pepsin-like specificity originally postulated for cathepsin A,? 
the above authors were unable to observe any hydrolysis, at pH 5.0, of any of a 
number of synthetic substrates for pepsin. They reported, moreover, that assays 
for cathepsin A activity, with carbobenzoxy-L-glutamyl-L-tyrosine as the substrate, 
showed only minimal amounts to be present in initial spleen extracts, and that 
no cathepsin A could be detected after the first stage of purification. Because 
of their failure to detect this enzyme with certainty in the crude spleen extracts 
prepared by them, and the absence of hydrolysis of carbobenzoxy-L-glutamyl-.- 
tyrosine by purified cathepsin D, Press et al. concluded that ‘‘it is clear that cathep- 
sin D is unrelated to cathepsin A and the status of the latter enzyme is uncertain.”’ 

In view of this report, we wish to describe some recent experiments on the hy- 
drolysis of carbobenzoxy-L-glutamyl-L-tyrosine and related substrates by beef 
spleen preparations. These experiments have confirmed the many earlier obser- 
vations that beef spleen contains readily measurable amounts of an enzyme that 
hydrolyzes carbobenzoxy-L-glutamyl-.-tyrosine near pH 5.7, and which does not 
require activation by SH compounds and is not inhibited by iodoacetic acid. Fur- 
thermore, evidence has been obtained for the endopeptidase action of such cathep- 
sin A preparations through the finding that carbobenzoxy-L-glutamyl-.-tyrosyl- 
glycine is cleaved at the glutamyl-tyrosyl bond, a pepsin-like specificity consonant 
with that postulated for cathepsin A, and that demonstrated by Press et. al.!* 
for the action of cathepsin D on the B chain of insulin. The status of cathepsin A 
is therefore less uncertain than suggested by Press et al., and re-investigation of 
the action of cathepsin D on synthetic substrates seems desirable in order to estab- 
lish more clearly the relationship of cathepsin D to cathepsin A. 

Materials and Methods.—The following synthetic peptides were used in these 
studies, and had been prepared in this laboratory: carbobenzoxy-L-glutamyl- 
L-tyrosine,'* carbobenzoxy-L-glutamyl-L-tyrosylglycine,®> carbobenzoxyglycyl-L-ty- 
rosine,'* and t-tyrosylglycine.” The enzyme preparation was obtained from 
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beef spleen extracts by (NH,4).SO, precipitation in the manner described previously.” 
Stock enzyme solutions were prepared by dissolving 1 gm. of the precipitate in 
15 ml of water followed by dialysis at 4°C against distilled water for about 24 hr. 
The dialyzed enzyme solution was filtered; the protein content of the filtrate was 
about 15 mg of protein per ml as measured by the biuret method,'* with crystalline 


bovine serum albumin as a standard. 

The enzymic activity of such solutions was tested at 38°C in a reaction mix- 
ture which contained 0.034 M (34 umoles per ml) carbobenzoxy-1-glutamyl- 
L-tyrosine (or related compound) and 0.086 M citrate buffer of appropriate pH; 
the enzyme concentration in the test solution was about 3 mg of protein per ml. 
Samples (0.3 ml) were withdrawn at time intervals, diluted to 2 ml with water, 
and 0.1 ml portions used for photometric determination of liberated amino groups; 
0.5 ml of ninhydrin reagent!’ were added, and the mixture was heated in a boiling 
water bath for 20 min. The cooled mixtures were diluted with 5 ml of n-propanol- 
water (1:1) and the color was measured in a Coleman Junior spectrophotometer at 
570 mu, using tyrosine as a standard. Experiments in which enzyme or substrate 
had been omitted were run in parallel, and the blank values were subtracted. 
Control experiments showed that the presence of carbobenzoxy-.-glutamic acid 
in the test sample did not affect the results obtained by this method. Separate 
experiments showed that the same results were obtained when the samples of the 
incubation mixture were diluted to 2 ml with | per cent picric acid and centri- 
fuged.'® 

The extent of hydrolysis is expressed in umoles of substrate (per ml of incu- 
bation mixture) cleaved at one peptide bond. When carbobenzoxy-L-glutamyl- 
L-tyrosylglycine was used as the substrate, L-tyrosylglycine was used as the stand- 
ard for calculation of the extent of hydrolysis. 

Results —At pH 5.6, the crude enzyme solution readily effected the hydrolysis 
of carbobenzoxy-L-glutamyl-L-tyrosine; under the conditions given above, the 
following values were obtained: 30 min, 10 umoles; 60 min, 14.5 umoles; 120 
min, 20 umoles. The liberation of tyrosine was confirmed by paper chromatog- 
raphy, using Whatman No. | paper and butanol-acetic acid-water (25:6:25) 
as the solvent. The pH optimum for the action of the enzyme preparation on 
carbobenzoxy-L-glutamyl-L-tyrosine is about 5.7; the values for the extent of 
hydrolysis in 2 hr were: pH 4.8, 5 umoles; pH 5.3, 17 umoles, pH 5.7, 21 umoles; 
pH 6.1, 17 wmoles; pH 6.3, 9.5 umoles. 

As shown in Table 1, the enzymic cleavage of carbobenzoxy-L-glutamyl-L- 

TABLE 1 
ErreEcT OF IODOACETAMIDE AND 2-MERCAPTOETHANOL ON ENZYMIC 
HypRoLysis OF CARBOBENZOXY-L-GLUTAMYI-L-TYROSINE BY BEEF 
SPLEEN PREPARATION 
Concentration of Concentration of 


iodoacetamide 2-mercaptoethanol Hydrolysis 
(M) (M) pumoles./ml. 


Sake te 12.5 
0.001 rr 12.5 
0.0015 eps 12.5 

0.02 19 

0.04 20 
0.001 0.02 12 
0.0015 0.04 12. 


DH 5.2; time, 2 hr. 
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tyrosine is not inhibited by iodoacetamide at the concentration levels tested. 
Addition of 2-mercaptoethanol caused an increase in the rate of hydrolysis, pre- 
sumably by activating the SH-dependent carboxypeptidase. Upon addition of 
iodoacetamide to the mercaptoethanol-activated system, the observed rate was 
the same as that found in the absence of added SH compound. 

The fact that the enzyme preparation contains an endopeptidase capable of 
cleaving a glutamyl-tyrosyl bond is shown by the finding that carbobenzoxy-.- 
glutamyl-L-tyrosylglycine is hydrolyzed (Table 2) and the demonstration that 


TABLE 2 
AcTION OF BEEF SPLEEN PREPARATION ON SYNTHETIC SUBSTRATES 


Time Hydrolysis 
Substrate (hr) (uw moles/ml) 


Carbobenzoxy-t-glutamyl-L-tyrosine 2 20.5 
Carbobenzoxy-L-glutamy]-.L-tyrosy]- 
glycine 


Carbobenzoxyglycy]-L-tyrosine 
pH5.6. 


tyrosylglycine is a product of the reaction. Chromatographic analysis of the 
incubation mixture (20 hr) in the manner mentioned above gave a single ninhydrin- 
reactive spot whose Ry (0.41) corresponded to that of tyrosylglycine. Although 
this peptide has the same Rr value as tyrosine in the solvent system employed, 
there was no evidence in the chromatograms, even after prolonged incubation 
with the enzyme preparation, of the appearance of glycine (Ry 0.21). Further- 
more, elution of the material of Rr.0.41, followed by acid hydrolysis (6 N HCl, 
105°C, 24 hr) and paper chromatography of the hydrolysate gave two spots of 
Ry 0.43 and 0.21, corresponding to tyrosine and glycine respectively. 

Although further work is needed to establish unequivocally that the same en- 
zyme is responsible for, the cleavage of carbobenzoxy-L-glutamyl-L-tyrosylglycine 
and carbobenzoxy-L-glutamyl-L-tyrosine at the glutamyl-tyrosyl bond, it appears 
likely that both synthetic substrates are hydrolyzed by the enzyme designated 
cathepsin A, and having a pepsin-like specificity. In this connection, it is of 
interest that the beef spleen preparation hydrolyzes carbobenzoxyglycyl-L-tyrosine 
much more slowly than carbobenzoxy-L-glutamyl-L-tyrosine, a behavior similar 
to that observed for pepsin.® Previous data have shown that carbobenzoxyglycyl- 
L-tyrosine is more readily cleaved by the SH-activatable carboxypeptidase of 
animal tissues.”: 4 

Summary.—Beef spleen extracts contain enzymic activity toward carboben- 
zoxy-L-glutamyl-L-tyrosine and carbobenzoxy-L-glutamyl-L-tyrosylglycine, the 
glutamyl-tyrosyl bond being cleaved in both cases. This action is similar to that 
of pepsin on these substrates, and is assigned to the spleen enzyme designated 
cathepsin A, which acts optimally near pH 5.7 and does not require activation by 


sulfhydryl compounds. 
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EVIDENCE FOR THE EXISTENCE OF A SINGLE-STRANDED STAGE 
OF T2 BACTERIOPHAGE DURING REPLICATION* 


By JANE K. Sertow AND RicHarp B. SETLow 


DEPARTMENT OF RADIOLOGY, YALE UNIVERSITY SCHOOL OF MEDICINE, AND DEPARTMENT OF 
BIOPHYSICS, YALE UNIVERSITY 


Communicated by G. Evelyn Hutchinson, April 12, 1960 


There are theoretical and experimental indications that it is possible to dis- 
tinguish between single and double-stranded DNA by means of ultraviolet action 
spectra.':* The wavelength of minimum efficiency for affecting single strands is 
2,400 A, as in the phage @X174, and that for affecting double strands, as in T2 
or calf thymus DNA, is close to 2,350 A. The present work is an application of 
this idea to the investigation of development of intracellular virus. If, in the 
replication of a bacterial virus, there exist times when the viral DNA is double- 
stranded and other times when it is in a single-stranded configuration, this change 
in the state of the DNA should be detected by a shift in the position of the mini- 
mum of the action spectrum. There have been several previous determinations 
of action spectra for T2,*: * and there have also been many previous attempts to 
follow the intracellular development of bacterial viruses by irradiating the complex 
of bacterium and virus at various stages in the latent period with ultraviolet light 
and determining the survival of the complex as a function of dose.6-* The experi- 
ments reported here differ from the others mentioned in that inactivations were 
carried out below 2,600 A with seven different wavelengths. Action spectra have 
been obtained for complexes of T2r+ and £. coli B at various times after DNA in- 
jection. A shift was observed in the position of the minimum of the action spec- 
trum. 

Materials and Methods.—Suspensions of T2r*+ or T2r*+ complexes were irradiated 
in buffered saline solution.!° Complexes were made in the following way. Es- 
cherichia coli B was grown in aerated glycerol medium!! to a concentration of 
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Fic. 1.—Typical inactivation curves of T2r* alone. Mono- 
chromatic ultraviolet light of two different wavelengths. 


around 108/ce, centrifuged and resuspended at 10°/ce in 1 ce adsorption medium’? 
containing 0.001 M KCN. To this suspension was added around 2 X 10’ T2r+ 
in 0.1 ec, and attachment was allowed to proceed for 4 min at 37°C. At the end 
of the attachment period 5 ec cold buffered saline was added to the virus-host sus- 
pension, and the bacteria and complexes were centrifuged in the cold to eliminate 
most of the free phage and the KCN. The complexes were resuspended in 1 cc 
cold nutrient broth, and growth of the intracellular virus was begun by adding the 
suspension to 3 ce aerated nutrient broth at 37°C. Samples were removed from 
the growth tube at various times, diluted and plated, to show that this method of 
forming complexes results in a normal one-step growth curve with a normal minimal 
latent period of about twenty-one min. Samples were removed from the growth 
tube for irradiation at the desired times in the latent period and diluted by a factor 
of 500 in cold buffered saline. During irradiation, the temperature of the samples 
was about 5°C. Irradiations were done in quartz cuvettes with a water-prism 
monochromator!® whose source was a 250-watt low-pressure mercury are. The 
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resolution of this instrument is such that when the wavelength is set at 2,400 A, 
only 1 per cent of the total energy coming through the exit slit is from the 2,375 A 
mercury line. The intensity at each wavelength used was measured by a cali- 
brated photocell and DC amplifier.‘ Doses were varied by changing the time of 
irradiation. Total exposure times ranged from one minute for the most sensitive 
complexes at the most efficient wavelengths to forty min for the least sensitive 
complexes and least efficient wavelengths. 

The sensitivity of the complex changes rapidly at certain times in the latent 
period. In order to obtain accurate measurements at different wavelengths with 
complexes at one stage of development, data at a number of wavelengths were 
taken on a single preparation of complexes to obtain an action spectrum for a 
particular time in the latent period. Each of the action spectrum experiments at 
a given time in the latent period was performed at least twice, and the order of 
wavelengths used for inactivation was varied. Because of the difficulties of main- 
taining constant uniformity of the ultraviolet beam of the monochromator, the 
relations among the sensitivities at different wavelengths at a given development 
time are more accurate than the absolute values of the sensitivities at any given 


wavelength. — 

At 2.652 A, two intensities differing by a factor of around twenty were used to 
inactivate complexes grown for three min after injection. The relations between 
dose and survival were the same for the two intensities. It is reasonable to suppose 
that any dependence upon radiation intensity would be the result of a bacterial 
recovery process and would be the same at all wavelengths. It will be assumed 


that over the range of wavelengths, intensities, and exposure times used, the degree 
of inactivation is independent of intensity alone, and dependent only on the product 
of intensity and time. 

Experimental Results and Discussion.—Figures 1 and 2 show typical survival 
data for free phage and for complexes at various stages of the latent period. It 
is seen that the absolute sensitivity and the shape of the survival curves change 
during the latent period, as has been observed by other investigators. Tessman? 
found that the shape of the inactivation curves for extracellular T2 varied with 
the wavelength used, but we have not found this to be the case. The shapes of 
inactivation curves of extracellular T2r+ and of T2r*+ complexes at any given time 
of the latent period were found to be independent of wavelength. Any apparent 
difference in curve shape from one wavelength to another is less than the difference 
between one set of extracellular virus or complexes and another at the same wave- 
length. 

Relative sensitivity is most easily obtained from that portion of the inactivation 
curve in which survival is an exponential function of dose. On the semilogarithmic 
plots of survival versus dose shown in Figures 1 and 2, these parts of the curves 
are straight lines and can be represented by the equation: 


° ° a _¢D 
fraction surviving = e~’”, 


where D is the dose of incident ultraviolet light in quanta/cm?, and a is the relative 
sensitivity in cm?/quantum. In these experiments o is determined to within 
+5 per cent. 





PER CENT SURVIVAL 


Fic. 


The graph of o versus wavelength is an action spectrum. 
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Typical inactivation curves of E. coli B-T2r*+ complexes, at different stages in 
latent period, by monochromatic ultraviolet light of various wavelengths. 


Figure 3 shows action 


spectra for extracellular T2r+ and T2r+ complexes at four times in the latent period. 


It is seen that the shape of the spectrum changed during the latent period. 


The 


° 
wavelength of minimum sensitivity shifted from 2,350 A for extracellular virus and 
° . . 
two-minute complexes to 2,400 A for three and eight-minute complexes. However, 
9° 


at eleven min the minimum returned to 2,350 A. 


Our interpretation of these 


phenomena is that the viral DNA enters the host in a two-stranded configuration, 
and between two and three minutes after injection the viral DNA becomes at least 


partially one-stranded. 


Although at about six min the viral DNA begins to rep- 
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licate,"® at eight min much of the viral DNA is still single-stranded. By eleven 
min, shortly before the appearance of mature particles,'® most of the viral DNA is 
again double-stranded. 
Figure 4 shows the change in sensitivity 

at one wavelength, 2,400 A, during the 100 T 
first five min after injection. Whereas Extracellular 
the action spectra data were taken by 
irradiating one preparation of complexes 
at a given time in the latent period with 
different wavelengths, the data of Figure 4 
were obtained from one set of complexes, 3minute 


2 min. _y ™ complexes 
complexes 





samples from which were removed for 
irradiation at one-min intervals during 
the latent period. It is seen that the 
initially constant sensitivity drops sharply 
at about three min after injection, and 
then levels off at four and five min. 

The observed inactivations of the com- 





x 
Xx minute 
complexes 


plexes are assumed to arise from the 
effects of ultraviolet light on the viral 
DNA, and not because of the destruction 
of the ability of the bacterial machinery 
to make new virus. The doses necessary 
to affect bacterial capacity even slightly 
are known to be over 6,000 ergs/mm? at 2200 5400 5600 5800 
2,537 A," '8 which are much larger than 
the doses employed here. 

There is a possiblity that the action ff So, Setion sects of Tar’ and of 
spectrum shifts because, at three minutes _ the latent period. 
after injection, ultraviolet light affects 
the pyrimidines hydroxymethy|! cytosine and thymine before they are incorporated 
into polynucleotides, these pyrimidines either having been manufactured anew, as 
in the case of hydroxymethyl cytosine, or resulting from the breakdown of bacterial 
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Fic. 4.—Variation with time in the latent period of the sensitivity to ultra- 
violet light of one wavelength. Complexes for this experiment were removed at 
intervals from one growth tube. 
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DNA. The incident doses necessary to inactivate T2 complexes would affect only 
about 1 out of 10,000 bases.'® It is likely that damaged bases would not be 
incorporated at anything like the same rate as the undamaged ones, and because 
of the low concentration of damaged bases, still less probable that a damaged 
base would be incorporated into all the new viral DNA made. If damage to 
bacterial DNA bases were responsible for inactivation of complexes, one would 
expect bacterial capacity to be much more sensitive to ultraviolet light than it 
actually is. 

Another possible interpretation of the action spectrum shift at three min is that 
the sensitive substance at this time is RNA. RNA has been suggested as an in- 
termediate in DNA replication,” but its role as the ultraviolet-sensitive element 
in these experiments is unlikely for the following reason. If P**-labeled cells are 
infected with non-radioactive T2, there is not only a very low sensitivity but also 
no appreciable change in the sensitivity of the complexes to P*? decay throughout 
the latent period.*! Since little new RNA is synthesized during this time,?? these 
data indicate that the dodification of RNA of the host-virus complex by P*? decay 
has a negligible effect on the survival of the complex. 


TABLE 1 
CORRELATION BETWEEN DNA State AND CERTAIN BIOCHEMICAL SYNTHESES IN THE T; COMPLEX 
Suggested state 
Minutes of the majority Biochemical 


after of the synthesis 
infection viral DNA 


0 Double-stranded 
l 2 Deoxycytidylate hydroxymethylase** 
Hydroxymethy! deoxycytidylate kinase** 
. Internal protein® 
Single-stranded Deoxycytidine-5’-phosphate deaminase*® 
. Viral DNA" 


“<c 


Double-stranded 
bs Mature T2 particles present 


The interpretation of the shift in the action spectrum through the latent period 
as a change in viral DNA configuration leads to further speculations on the re- 
lation between the state of the viral DNA and the known times of biochemical 
synthesis in the T2 complex. It has been shown that several types of protein not 
found in uninfected cells are manufactured early in the latent period.**-*6 Some 
of these proteins?‘ * appear before the occurrence of the shift in the action spectrum 
which we have interpreted to be change to single-stranded viral DNA. Therefore 
we can suppose that DNA which is mostly in the double-stranded state is able to 
specify protein. This could occur either directly or through some intermediate 
such as RNA. An intermediate is a more attractive possibility because protein 
continues to be made in the period when the action spectrum suggests that the DNA 
is mostly in a single-stranded configuration. 

It is known that DNA is an effective primer for DNA synthesis catalyzed by 
calf-thymus polymerase only in the single-stranded state.” ** Likewise @X174 
DNA has been shown to be a better primer than native calf thymus DNA with 
E. coli polymerase.?® The known time of appearance of new viral DNA fits this 
picture, since it occurs well after the appearance of the single-stranded-type action 
spectrum. In addition, the existence of single-stranded DNA during the period 
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when genetic evidence indicates that mating must take place makes it possible for 
attraction between complementary strands to occur that could result in mating.” 

Table 1 summarizes the relationship between the DNA configuration deduced 
from the action spectrum and the onset of specific biochemical synthesis in the 
T2 complex. The action spectrum will only indicate whether single or double- 
stranded DNA is the major component. At eleven min, where there is a double- 
stranded-type action spectrum, there may still be a fraction of single-stranded 
DNA which carries on the business of DNA replication. 

It is of considerable interest that neither inactivation by X-rays,*! P** decay,”! 
nor ultraviolet light at 2,537 A’~® has so far shown evidence of the proposed change 
in configuration of viral DNA. 

Summary.—T2r+ and T2r* E£. coli B complexes at different times in the latent 
period have been irradiated with monochromatic ultraviolet light at different wave- 
lengths. The action spectrum for the phage alone shows a minimum at about 
2,350 A. The shape of the action spectrum remains constant until three min after 
injection, at which time the minimum shifts to 2,400 A. The minimum is again 
seen at 2,350 A eleven min after injection. These shifts in the action spectrum are 
interpreted as a change in viral DNA from a double-stranded to a single-stranded 
configuration at three min and back to a double-stranded state by eleven min. 


The authors are indebted to Eileen Dobbs for technical assistance and to Paul 
Howard-Flanders and Kenneth Stacey for constructive criticism during the ex- 
periments and the preparation of the manuscript. 


* Supported by U.S.P.H.S. grant No. 1285C3 to Richard Setlow and U.S.P.H.S. grant No. 
£2920 to Paul Howard-F landers. 
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ON ENZYME-SUBSTRATE RELATIONSHIPS DURING BIOCHEMICAL 
DIFFERENTIATION 


By BarBara E. WRIGHT 


LABORATORY OF CELLULAR PHYSIOLOGY, NATIONAL HEART INSTITUTE, 
NATIONAL INSTITUTES OF HEALTH 


Communicated by C. B. van Niel, May 3, 1960 


Introduction.—Abundant evidence demonstrates that striking biochemical 
changes accompany morphological differentiation.! It is obvious that biosynthetic 
pathways must change in relative importance during development, as different 
products accumulate sequentially to form characteristic morphological structures. 
Not so obvious are the mechanisms by which these shifts in metabolic patterns are 
primarily controlled. One mechanism could involve changes in the concentration 
of critical enzymes. Another possibility invokes alterations in substrate levels as 
the primary controlling force. The latter explanation is an attractive one, in view 
of the fact that a series of substrates necessarily arises as a differentiating system 
sequentially catabolizes endogenous reserve materials.' Recently, a number of 
studies have appeared which tend to support the first mechanism, in that they 
deal specifically with quantitative changes in enzyme levels during development. 
Suggestive correlations have been described between the increasing levels of specific 
enzymes and the changing requirements of differentiation. One such study dealt 
with the slime mold, Dictyostelium discoideum, and described changes in the specific 
activity of a number of enzymes during differentiation. 

In the slime mold, individual myxamoebae aggregate into a multicellular unit 
only under starvation conditions. The pseudoplasmodium thus formed eventually 
utilizes endogenous protein reserves to synthesize cellulose rapidly (at preculmina- 
tion), thus forming a fruiting body. This fruit is composed of a mass of spores 
resting on a stalk of vacuolated cells sheathed in cellulose. In general, preculmina- 
tion is metabolically the most active stage of development. The rates of oxygen 
consumption,? protein breakdown,* * and carbohydrate synthesis® are maximal. 
A number of enzymes involved in oxidative metabolism were found to have maximal 
specific activities (based on protein or dry weight) at preculmination.’ Histo- 
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chemical studies demonstrated non-specific dehydrogenases to be maximally 
active also at this stage.’ 

We have now found that some of the changes in enzyme activity, which had been 
observed during development by in vitro assays, must be reinterpreted. These 
alterations in specific activity do not actually reflect in vivo changes in the con- 
centrations of the relevant proteins. Rapid in vitro inactivation of some enzymes, 
but not others, occurs only in extracts prepared at early stages of differentiation, 
and not in extracts prepared at preculmination. Various types of indirect evidence 
suggest that sequential substrate availability and alterations im vivo in enzyme 
activity (but not concentration) may play a significant role in the biochemical dif- 
ferentiation of the slime mold. The possibility is discussed that processes not 
involving alterations in enzyme concentrations (as opposed to activity) could 
account for gross metabolic changes occurring during development. 

Results—Attempts to “induce”’ isocitric dehydrogenase in the myxamoebae 
with isocitrate gave what initially appeared to be positive results. That is, enzyme 
levels were manyfold higher from cells exposed to isocitrate than from control 
preparations not exposed to substrate. Furthermore, ‘‘induction”’ was not possible 
at preculmination, the stage at which enzyme specific activity was maximal.* 
However, it was soon realized that this apparent induction in the myxamoebae 
was due to a protection of endogenous enzyme from inactivation during the 
preparation of cell-free extracts. These studies then led to the realization that certain 
enzymes are labile in extracts prepared at the earlier stages of development, and 
relatively stable in extracts made from the pseudoplasmodium and preculmination 
stages. Substrate protection of enzyme inactivation is a well-known phenomenon, 
and one which also applies to a number of enzymes in slime mold extracts. The 
experiment to be described concerns isocitric dehydrogenase, which is protected 
from inactivation by isocitrate. 

The myxamoebae were grown on a rich medium in the presence of FE. coli, washed, 
and allowed to differentiate at 19°C on purified agar.* Cells were harvested with 
and without added isocitrate at three stages of development: early aggregation, 
preculmination, and fruit. At each stage, the cells from each of two petri dishes 
were harvested with 1.0 ml of cold 0.01 M trishydroxymethylamino methane, pH 
7.3, into two containers, one of which contained 0.1 ml of 0.5 M isocitrate. The 
suspensions were frozen until completion of the experiment, at which time they 
were thawed once (instead of 5 times*), briefly homogenized, and centrifuged. 
These operations were carried out at 4°C as quickly as possible. Isocitrie dehy- 
drogenase activity was determined® immediately on the supernatant fluid of each 
preparation, and again after a 2.0 hr incubation period at 21°C. (The amount 
of isocitrate added with the enzyme from preparations containing isocitrate ‘did 
not affect the assay.) An aliquot of each sample was precipitated with an equal 
volume of 6 per cent TCA, and the precipitate dissolved in 0.5 N NaOH. Protein 
was determined by a procedure involving the Folin reagent.** The data of Table 
1 give the specific activities of isocitric dehydrogenase before and after incubation, 
both in the presence and absence of isocitrate. Results comparable to these have 
been observed for glucose-6-phosphate (G6P) dehydrogenase,® using G6P to stabi- 
lize the enzyme (see Table 2). The increase in specific activity from 3.00 at ag- 
gregation to 3.42 at preculmination is of doubtful significance. The results 
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TABLE 1 
Specific Activitres* or Isocirric DEHYDROGENASE 
-——— —Stage of Differentiation— 
Hr Early 
Isocitrate preincubated aggregation Preculmination 
Absent 0 2.83 3.72 
2.0 0.13 2.47 
Present 0 3.84 3.86 
2.0 3.08 3.07 


* A 340/min/mg protein/0.1 ml. 


TABLE 2 
Speciric ActivitTres* or G6P DEHYDROGENASE 


— -Stage of Differentiation. 
Hr Late Pseudo- Pre- 
G6P preincubation aggregation plasmodium culmination 
Absent 0 2.00 , 3.65 
3.0 0.50 5 3.30 
Present 0 3.00 3. 3.42 
3.0 3.50 3. 3.00 


* A 340/min/mg protein/0.1 ml. 


presented in Tables 1 and 2 demonstrate that enzyme activities are stabilized from 
in vitro inactivation when the extracts are prepared in the presence of substrate. 
Furthermore, in the presence of substrate, the specific activities of the enzymes 
are comparable at different stages of development. In the absence of substrate, 
even at zero time, the enzymes in extracts prepared from cells at aggregation have 
lost activity, in contrast to those in extracts prepared at preculmination, which 


are stable. 

The in vitro instability of the enzymes observed during early differentiation in the 
absence of added substrate could be explained by one or both of the following 
situations: (a) the enzyme is inherently unstable in the absence of substrate, and 
the concentration of endogenous oxidizable substrates is low at aggregation com- 
pared to preculmination; (b) specific or non-specific inactivating enzymes are 
more prevalent early in differentiation, and added substrates prevent the action 
of these destructive enzymes. 

To test the hypothesis that inactivating enzymes might be more prevalent 
early in differentiation, an extract from aggregating cells was mixed (1:1) with that 
from preculminating cells. The enzyme stability of this mixture was compared 
with that of each extract undiluted and of each extract diluted 1:1 with 0.01 M 
tris pH 7.3. Tables 3 and 1 demonstrate that mixed extracts give an intermediate 
specific activity at zero time, as observed previously,’ and that the enzymatic 
activities of the diluted extracts decay to about the same extent as the undiluted 


TABLE 3 
EVIDENCE FOR A DesTRUCTIVE AGENT IN EARLY DIFFERENTIATION 


Relative 
Extract . Hr preincubated specific activity* 

Agg., diluted 0 2.84 
2.0 0.26 

Preculm., diluted 0 3.72 
2.0 3.48 

Agg. + preculm. 0 3.02 
2.0 0.25 


* A 340/min/mg protein/0.1 ml. 
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extracts. The mixed extracts show the decay pattern of the most unstable extract 
(from early aggregation), suggesting that the presence or absence of the inhibitor 
may be more important than endogenous substrate protection. The destructive 
agent in the agregation extract is destroyed by heating 3 min at 100°. The data in 
Table 4 demonstrate the heat lability of the destructive agent(s) for both isocitric 


TABLE 4 
Heat INACTIVATION OF THE DESTRUCTIVE ENZYME 


- % Initial Specific Activity 
Conditions Isocitric dehydr.* G6P dehydr.t 


Agg. + preculm. 8.5 32.2 
Boiled agg. + preculm. 72.4 100.0 


2-hr preircubation. 
1-hr preincubation. 

dehydrogenase and G6P dehydrogenase. These results point strongly to the 
presence of an inactivating enzyme which is more potent at aggregation than at pre- 
culmination. Furthermore, isocitric dehydrogenase from early aggregation purified 
20-fold is completely stable for at least 2 hr at 21°C in the absence of isocitrate.” 
This suggests that it has been separated from some inactivating enzyme. 

Glutamic-pyruvie transaminase and glutamic dehydrogenase had been found 
previously to change very little in specific activity during differentiation.’ Because 
of their obvious importance to an organism converting protein and amino acids to 
glucose and cellulose, these enzymes were re-examined for specific activities (based 
on precipitated protein) and for possible differential stability. The (substrate- 
dependent) values in Table 5 were obtained at zero time, and were essentially 


TABLE 5 
Specific ActTiviTres* or GLUTAMIC DEHYDROGENASE AND 
ALANINE-a-KETOGLUTARIC AcID TRANSAMINASE 


Stage of differentiation Dehydrogenaset Transaminase 
Early aggregation 50.0 5.50 
Preculmination 50.7 4.72 
Young fruit 33.0 5.52 


* A 340/min/mg protein/0.1 ml. 

t Assayed at pH 9.08. 
unchanged after two hr preincubation at 21°C in the absence of substrate. There- 
fore, these enzymes are stable in extracts prepared at any stage of development. 

Alkaline phosphatase activity (with 8-glycerol phosphate or glucose-6-phosphate 
as substrate) was again investigated, since both histochemical'! and in vitro evi- 
dence®: '* had indicated changes in activity during development. In this case 
in vitro enzyme instability was not observed and a genuine 7n vivo increase in specific 
activity apparently occurs. However, although the data are not reproducible 
enough to warrant presentation, experiments involving preincubation and dialysis 
strongly suggest that differential inhibition of enzyme activity may account for the 
changes in specific activity observed during development. Again, we have no 
convincing evidence that the concentration of this enzyme changes with differentia- 
tion. Another enzyme apparently changing in specific activity during development 
is the destructive enzyme. However, we have as yet no valid assay for this enzyme 
with which to investigate the nature of the observed changes in activity. 
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Discussion.—The striking substrate protection of enzyme inactivation affords 
indirect evidence for the presence of a similar in vitro protection by endogenous 
substrates present at preculmination, in the absence of added substrate. Direct 
evidence has been obtained for an active destructive enzyme controlling in vitro 
changes in enzyme activity. These phenomena may have no in vivo significance as, 
when the two unstable enzymes studied are protected from inactivation by added 
substrate, their specific activities at various stages of development are similar. 
There is suggestive evidence in other developing systems (germinating seeds'* 
and mouse embryos") for differential enzyme inactivation in vitro as a function of 
the stage of differentiation. Thus studies of quantitative differences in enzyme 
activities in any changing (differentiating) system might well be considered in the 
light of possible in vitro differential enzyme stability as a function of the stage of 
development. It is conceivable that observed changes in enzyme activity in other 
developing or “induced” systems may be attributable to differential in vitro in- 
activation, through destructive enzymes in the developing organism or by sub- 
strate addition. A case in point may be the stabilization of thymidylate kinase by 
thymidilate in mammalian tissues. !® 

Histochemical tests may also be mentioned in connection with differential enzyme 
stability. Endogenous substrate accumulation at metabolically active sites could 
increase enzyme activity and stability preferentially in these regions. For this 
reason, differential enzyme destruction could occur during preparation of the tissues, 
during penetration of the substrate into the tissue, or during the assay, if the sub- 
strate concentration is insufficient for complete enzyme protection. Thus, rather 
than reflecting differences in the distribution of an enzyme, such histochemical 


studies may indicate differential rates at which the endogenous substrates become 


available or accumulate. 

In the slime mold, striking alterations in metabolic pathways must occur during 
development, and have been demonstrated to be maximal in vivo at preculmination 
by studies on (1) oxygen consumption,’ (2) the decrease in protein*: 4 and amino 
acids,‘ (3) the increase in glucose® and cellulose, '* and (4) the conversion of 6-C'4 
compared to 1-C'* glucose to CQO... Nevertheless, the data in this report suggest 
that there may be little or no alteration in the concentration of a number of enzymes 
participating in these metabolic changes. Thus the rate of synthesis and/or 
breakdown of these enzyme proteins must be such that it leads to an essentially 
constant steady state. In fact, direct measurement of the rate of general protein 
synthesis demonstrates no increase during preculmination.‘ Since the concentration 
of these enzymes, based on protein, is constant during differentiation, and since net 
protein decreases, it follows that these specific proteins are utilized at about the 
same rate as average cellular protein. 

If, in some cases at least, changes in enzyme concentration are not responsible 
for changes in the relevant metabolic pathways, another explanation may be 
considered. It is theoretically possible, in a system of constant enzymatic com- 
position, that sequential substrate utilization (and inhibition) could account for 
all the metabolic changes observed during differentiation. This applies to com- 
parisons between different stages of development as well as to comparisons between 
different parts of a multicellular individual at a given stage of development. 

Starvation must precede and accompany differentiation in the slime mold. 
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At least one essential amino acid (methionine) must arise from endogenous protein 
breakdown, and cannot be used if supplied exogenously.‘ Such circumstances 
insure an orderly depletion of endogenous reserves. Thus, although enzymes may 
not change in concentration or be limiting in the reaction they catalyze, their activity 


in vivo can be altered in at least two ways: 

1. The enzyme may either be relatively idle, or functioning at full capacity, 
depending on the rate at which endogenous substrates become available. 

2. The enzyme can be inhibited or potentially active, depending on substrate or 
product inhibition. In other words, changes in enzyme activity can be due to an 
inhibitor or activator of preformed protein. Interesting recent examples of this 
type of mechanism may be the “induction” of hepatic a-ketoglutarate transaminase 
in the rat'® and the loss of arginase activity in the developing chick.'* 

An assessment of the general existence of such mechanisms in the slime mold 
depends ultimately upon a detailed knowledge of the metabolic pathways directly 
and indirectly responsible for the over-all conversion of protein to polysaccharides 
during starvation and differentiation. 

Summary.—Isocitric dehydrogenase, glucose-6-phosphate dehydrogenase, glu- 
tamic dehydrogenase, and glutamic-pyruvic transaminase do not change in con- 
centration during differentiation in the slime mold, in spite of alterations in the 
intensity of metabolic pathways probably involving changing activities of these 
enzymes in vivo. It is suggested that sequential substrate utilization (and inhibi- 
tion) could account for some metabolic changes occurring during differentiation in 
Dictyostelium discoideum. 


*Protein had previously been measured by absorption at 280 my and 260 mu.’ This method was 
abandoned when it was found that a large amino acid pool is present only at the early stages of 
development,‘ which gives artificially high protein values compared to the later stages. Differ- 
ences in soluble peptide content are also obviated by precipitation of the protein prior to its meas- 
urement. 
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A RIBONUCLEIC ACID FRACTION FROM YEAST RELATED 
IN COMPOSITION TO DESOXYRIBONUCLEIC ACID 
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DEPARTMENTS OF MICROBIOLOGY AND ANATOMY, STATE UNIVERSITY OF NEW YORK, UPSTATE MEDICAL 
CENTER, SYRACUSE 
Communicated by David R. Goddard, April 5, 1960 


By determining the specific activities of 3’ and 5’ nucleoside phosphates derived 
from ribonucleic acid! which has been synthesized in the presence of radiophos- 
phorus, one can obtain considerable information on the synthesis of new mole- 
cules, the sequence and possibility of terminal addition of nucleotides as well as 
the nature of the precursor pools. The experiments described below provide data 
which relate to these problems. 

Alkali and snake venom diesterase hydrolyze RNA to give 2’ + 3” and 5’ 
nucleoside phosphates respectively. The same phosphate group can thus be 
obtained attached to either of two nucleosides which neighbor each other in the 
RNA molecule (Fig. 1). If the precursor nucleotides, which as we show below are 
the 5’ isomers, are unequally labeled with P*?, the 
specific activities of derived 2’ + 3’ isomers 
obtained by alkaline hydrolysis will bear no direct 
relation to the specific activities of the precursors. 
The exact relation will depend on the nature of the 
system in which P** uptake is taking place and can 
thus yield information about the system. 

When the precursors form a single pool and the 
entry of P** is not predominantly due to exchange 
reactions at certain preferred positions, two im- 
portant cases can be envisioned. 

In a system where there is no turnover, or where 
all species of RNA molecules turn over at the same 
rate, the specific activities of derived (2’ + 3’) 
nucleotides will be a function of the sequential 
arrangement of nucleotides in the RNA chains. 
Any given type of 2’ + 3’ nucleotide will receive 
its phosphate from neighboring 5’ nucleotides in 
the ratio in which it neighbors them. If the 
Me TRNA by on fies’ 1 lea og sequence happens to be statistically random, all 

nucleotides are neighbored by others in the same 
ratios. In such a case the specific activities of all 3’ nucleotides will always be 
equal, no matter what differences may exist in ‘specific activities of the 5’ isomers. 

As we will show below, with sufficient data it is possible to calculate the fre- 
quency with which any type of nucleotide neighbors another. A system which 
does not involve turnover, or where all species of RNA turn over at the same 
rate, can be readily recognized since data from different experiments, regardless 
of variations in specific activities, should consistently indicate the same frequency 
of occurrence of any given neighbor relationship. 

However, if different species of RNA have different compositions as well as 
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different turnover rates, the results of the analyses of nucleotide specific activity 
will be subject to the following considerations. After a short exposure to P*, 
even if within each species all 3’ nucleotides had the same specific activity, each 
nucleotide in the more active species would be diluted by that in the less active, 
but because of different composition the dilution factors would be different for each 
nucleotide. Thus the analysis of the RNA in toto would yield 3’ nucleotides of 
differing specific activities because of unequal isotope dilution. 

The existence of such a system would be apparent because the dilution factor 
would be the same for both the 3’ and the 5’ isomers. One would find, therefore, 
a strong though not perfect correlation between the activities of the 3’ and 5’ 
specific activities. No such correlation would exist if differences in specific activi- 
ties between the 3’ nucleotides arose only from peculiarities of nucleotide sequence 
in RNA. 

We cannot exclude, of course, the possibility that differences in the specific 
activities of 3’ nucleotides might arise from both peculiarities of sequence and of 
unequal isotope dilution. 

We had originally intended to study the statistical sequence of nucleotides in 
RNA by this type of analysis. As is described below, our experiments have re- 
sulted in a demonstration of RNA fractions in exponentially growing yeast which 
have different rates of synthesis and/or turnover. One of these fractions has an 
apparent base composition similar to yeast DNA (uracil substituted for thymine) 
and, by implication, a statistically random sequence of nucleotides. 

Preparation of RNA.—Yeast (Saccharomyces cerevisiae) was grown in flat bottom 
flasks with magnetic stirring, in medium containing 5 per cent glucose, 1 per cent 
Bactopeptone, and 0.1 per cent Difco yeast extract. During the exponential phase 
of growth, orthophosphate-P*? was added and at appropriate intervals aliquots 
were removed by suction into flasks containing sufficient concentrated perchloric 
acid to make the samples 0.1 N acid. The cells were then centrifuged, extracted 
3 times with cold 0.1 N perchloric acid and washed with absolute alcohol which 
causes them to clump. The cells were then extracted with chloroform in a Soxhlet 
apparatus. After drying, the RNA was extracted with boiling 2M NaCl. Three 
extractions of one hr each were made. ‘The supernatants were combined and the 
RNA precipitated with 2 volumes of ethanol. After redissolving in 2 M NaCl, 
protein was removed by repeated shaking with octanol-chloroform (1:4). The 
RNA was further purified by four precipitations with ethanol. 

Incorporation of P** into RNA.—Initial experiments showed that although after 
addition of P** incorporation into bound phosphate remaining after RNA extrac- 
tion occurs immediately, there is a delay in incorporation into RNA of the order 
of 1-2 min (Fig. 2). The shape of the curve suggests that the delay is not due to 
the existence of a large pool of precursors in the cell but rather that there is a 
significant “assembly time” for an RNA molecule. 

The specific activities of 2’ + 3’ nucleotides obtained from RNA by alkaline 
hydrolysis as a function of time are shown in Figure 3. It is evident that the 
specific activities of the four nucleotides are not equal. We have found that these 
differences persist for as long a time as 30 min at 30° after addition of P** (approxi- 
mately '/; generation time). The specific activities of 5’ nucleotides were not 
determined in this series of experiments. 
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Fig. 2.—Uptake of P*%? by yeast. 
RN A—specific activity of ribonucleic acid Fig. 3.—Specifie activities of 2’ + 3’ 
phosphorus as weighted mean of nucleo- nucleotides of yeast RNA as function of 
tides from alkaline hydrolyzate of ex- time. Nucleotides prepared as in Table 1, 
tracted RNA. P = specific activity of separation on Dowex-l chloride column 
phosphorus remaining in cells after salt and quantitated by spectrophotometry 
extraction of RNA. and direct plating to count. 


Nine determinations of the specific activity of both 5’ and 2’ + 3’ isomers are 
shown in Table 1. Examination of these results permits the following conclusions: 

1. As the weighted mean specific activity of the nucleotides from both alkaline 
and diesterase hydrolysis is about the same, it is likely that no part of the RNA 
sample is preferentially hydrolyzed by either of the procedures.°® 

2. The activities of 2’ and 3’ isomers are essentially equal. Differences in 


specific activities between different nucleotides are thus not due to exchange of 
terminal 3’ phosphate, for terminal 3’ phosphates on alkaline hydrolysis yield 
only 3’ nucleotides, while internal nucleotides yield both the 3’ and 2’. Our results 


TABLE 1 
SPECIFIC ACTIVITIES (CPM/uM) OF NUCLEOTIDES FROM YEAST RNA 
Preparation Z 2A 1B y ; 2C 3C 
Separation r Cl F F r Cl Cl 
Quantitation P 3 Ss Ss 
Temperature j a0*.. 3 : 25 25° 25° 
Time Exposed to P?? 12’ 5 10’ 20’ 
Alkaline 688 1080 2686 
Hydrolyzate | 1039 2634 
670 7 1008 2531 918 
515 : 33 555 1512 580) 
: 80 570 1519 550f 
574 (aia? ¢4 887 2329 . 958 
Weighted Mean 33 612 r 54 875 2245 884% 124 
Diesterase 5’ AD 834 287 2 115 1484 3464 1107 | 104 
Hydrolyzate 5’ UR 673 404 106 1249 3232 1463 186 
5’ GU . 580 —s« 61 37 455 1445 459 104 
5’ CY 39 332 42 32 534 869 577 66 
Weighted Mean 158 619 207 74 948 23827 919 118 
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2’ and 3’ nucleotides obtained by hydrolysisin 0.5 N KOH for17hr. Potassium was removed from hydrolysates 
with cation exchange resin. 5’ nucleotides obtained from diesterase digests. Diesterase prepared according to 
Sinsheimer and Koerner.‘ Explanation of headings: Preparation: Letter designates culture, number designates 
sample from that culture. Separation: Cl: Dowex-1 chloride ion exchange column, F: Dowex-1 formate, both 
prepared according to the method of Cohn & Khym.® E: paper electrophoresis in M/20 Ammonium formate, pH 
3.5.6 Quantitation: P: Phosphorus determination according to King.’ 8S: spectrophotometric quantitation 
of nucleotides based on Ae 260-280. Replicate samples plated from 0.01 N HCl and counted to 5% reproducibil- 
ity in gas flow counter. Weighted mean: Sum of specific activities multipled by mole fraction of nucleotides of ex- 
tracted RNA (Table 4, column 2). 

* Nucleotides of 1D series obtained by whole cell hydrolysis, mole fraction from column 1, Table 4, used to obtain 
weighted mean. 
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show that 2’ nucleotides, which always arise from internal positions, have about 
the same specific activities as the 3’, which arise both from terminal (if such exist) 


and internal positions. 

Terminal exchange of 5’ phosphate can likewise be excluded as an explanation 
of our results, as alkaline hydrolysis leaves these as 3’, 5’ nucleoside diphosphates, 
which move only slowly on our columns, and are not included in the samples 
counted. 

3. Since the 5’ nucleotides vary more in specific activity than the 3’, it is 
evident that the 5’ isomers are the precursors and the 3’ derived. Any tendency 
whatever toward randomness in nucleotide sequence tends to equalize the spe- 
cific activities of derived, but not of precursor nucleotides. 

On the basis of these conclusions, the question therefore arises as to whether or not 
the unequal labeling of 3’ nucleotides is due to statistical constraints on nearest neigh- 
bor relationships in the RNA chain. If unequal labeling of 3’ isomers arises from 
this cause, the data in Table 1 can be used to calculate what such constraints may 
be. 

Since there are 16 possible kinds of nearest neighbor relations, computation 
of their frequency requires the solution of 16 simultaneous equations as follows: 
Let the mole fraction of each nucleotide in RNA be a, b, c,d (a+6b+cec¢+d= 
1), the specific activities of the 3’ isomers A;, B3, C3, D3, and of the 5’, As, Bs, Cs, 
D;. The specific activities of 3’ are related to the 5’ isomers as: 


A3 = mAs + no Bs + 13 Cs + m4 Ds 
B, = ns As + 6 Bs + nz Cs + ng Ds 
Cs = ny As + No Bs + nu Cs + nv Ds 
D; = m3 As + Nu Bs + ny5 Cs + re Ds 


where n; is the mole fraction of nucleotide a which neighbors a, n, the mole fraction 
of nucleotide 6 which neighbors a, etc. Three independent determinations of the 
specific activities of 3’ and 5’ nucleotides provide 12 equations. Four more can be 
obtained from the composition of RNA (Table 4, Column 2): 


my +m +n3 +m =A 
Ns +n +z + Ns b 
ng + No + M1 + Me = € 
Ni3 + Nyy + Ns + Nye = d 


Using an electronic computer and data from Tables 1 and 4, we have solved 
a set of 16 simultaneous equations for the n’s. The frequency of occurrence of 
each possible nucleotide pair as determined from this calculation is shown on Table 
2. In a physically real situation no solution for any can be negative or greater 
than 1. Since we obtain large negative values, it is evident that unequal specific ac- 
tivities of 3’ isomers are not primarily due to peculiarities in. arrangement of nucleo- 
tidesin RNA. 

Unequal Incorporation Rates into RNA Fractions.—As the differences in specific 
activity of 3’ isomers seem not to be explained by a deviation from statistical 
randomness in the arrangement of bases, it is necessary to inquire whether or not 
such differences might be due to unequal rates of turnover of various species of 
RNA within the cell. As pointed out in the introduction, this would produce a 
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TABLE 2 
CoMPUTED FREQUENCIES OF NUCLEOTIDE NEIGHBORS IN YEAstT RNA 
CY AD UR GU 
CY | 1.48 0.16 0.49 “1.04 
—1.73 0.23 0.45 1.30 
—1.69 0.17 0.45 1.33 
—1.25 0.12 0.09 1.32 


Data for Computation from Preparations—2A, 3C, 1E (Table 1). 


TABLE 3 
APPARENT COMPOSITION OF LABELED FRACTION oF YEAST RNA 


Preparation 1 2 3 4 5 5 1F 
0.317 0.369 0.294 0.294 . 287 . oe 0.314 
0.325 0.291 0.317 0.289 . 308 e 0.292 
0.144 0.193 0.190 .188 .156 0.198 
: 0.194 0.193 0.227 ene . 208 0.196 
+ UR/AD + CY , 77 1.05 0 92 .98 8: 0.95 
Preparation 2F 3F 4F 5F 6F ! 2A 
0.327 .O20 0.303 .278 we 0.288 
0.278 267 0.285 . 262 f 0.295 
0.202 217 0.215 . 239 : 0.228 
; 0.192 189 0.198 .219 : 0.189 
+ UR/AD + CY ; 0.92 94 1.00 1.01 ; 1.10 
Preparation 2B 1C 2C 3C 1E 
0.294 .361 0.309 0.303 “4 0.290 
UR 0.258 0.441 . 223 0.310 0.304 4 0.306 
GU 0.218 0.146 .152 0.175 0.182 ‘ 0.196 
CY 0.178 0.119 . 264 0.204 0.209 .26 0.208 
GU + UR/AD + CY 0.91 1.42 60 0.965 0.96 5 1.01 


See text for basis of calculation. Data in series 1-6 obtained by preliminary electrophoresis of nucleotides at 
pH 7 in acetate buffer where all nucleotides run together’. The nucleotides were then eluted and resolved by two 
dimensional paper chromatography with ammonium butyrate and iso-propanol—HCl". Series 1F-6F prepared 
as shown in Figure 3. (Samples taken at 2, 6, 10, 15, 20, and 25 min). 

* See 1D in Table 1. 
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correlation between the specific activity of 3’ and 5’ isomers of any given nucleotide. 
A correlation plot of this kind is shown in Figure 4. Neglecting for the moment the 
values for cytidylic acid, it will be noted that the correlation coefficient of the 
specific activities of the 3’ and 5’ isomers of adenylic, guanylic, and uridylic acids 
is 0.80 (N = 27), a very significant value. This clearly indicates that we are deal- 
ing with more than one RNA fraction, one or more of which is of much higher 
specific activity, and of different composition, from the others. Since the slope 
of the regression line is greater than 1, it is evident that the specific activity of the 
5’ isomers do, nevertheless, differ among themselves more than the 3’ isomers. The 
values for cytidylic acid, which appear to show a correlation with a different slope, 


TABLE 4 
CoMPosITION OF NucLEIc Actip IN YEAST 


Whole Cell Extracted Mean ois 

RNA RNA Table 3 DNA* 

AD 0.249 0.256 0.316 0.315 
UR 0.278 0.270 0.294 0.328 
GU 0.232 0.271 0.191 0.185 
CY 0.241 0. 202 0.203 0.173 


Mean values of RNA composition in column 3 from Table 3. Composition of whole cell and extracted RNA de- 
termined as follows: 

The composition of RNA was determined by growing yeast in P*? containing medium to ensure uniform labeling. 
Cells and NaCl extracted RNA were hydrolyzea in 0.5 N KOH, KOH removed with perchloric acid and nucleotides 
separated by paper electrophoresis at pH 3.5. Nucleotides were eluted with 0.01 N HCl, plated and total counts in 
each nucleotide determined. The composition was then determined by calculation of the proportion of the total 
counts in the aliquot found in each nucleotide. 

* Yeast DNA values from ref. 11, value in UR line is for thymidylie acid. 
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indicate that 5’ cytidine phosphate has an intrinsically low specific activity in the 
highly labeled fraction, which is not wholly due to dilution by less active material. 
‘ On the basis of these results we conclude that most of the differences in specific 
activity of the 3’ isomers are due to unequal isotope dilution. The simplest as- 
sumption in this case is that only one RNA fraction is being significantly labeled 
and that this fraction is being diluted into a much larger, relatively unlabeled pool. 
In any given species of RNA the 3’ isomers should have, at least to a first approxi- 
mation, equal specific activity. If the assumptions are correct, it is possible to 
calculate the composition of the more active fraction. By multiplying the specific 
activity of each 2’ + 3’ nucleotide by its mole fraction in salt-extracted RNA, we 
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Fig. 4.—Correlation of specific activities of 2’ + 3’ and 5’ 
nucleotides. Weighted mean specific activity = 1.00. (Data 
from Table 1.) 





obtain the total counts in each nucleotide, and from these values, in turn, the com- 
position of the more active fraction. 

Table 3 shows 21 determinations of the composition of the active fraction, cal- 
culated on the basis of the assumptions above. Mean values are shown in Table 
4. The composition as calculated in this manner differs considerably from the 
composition of extracted RNA. Especially notable is the fact that the amounts 
of adenylic and uridylic acids and of guanylic and cytidylic acids are virtually 
equal. Furthermore, if one substitutes thymidylic for uridylic acid, the composition 
of the active RNA fraction is virtually identical with yeast DNA. 

Although most of the values in Table 3 indicate a composition similar to yeast 
DNA, and the average value (Table 4) is very close, several of the values deviate 
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considerably from the DNA composition. The calculation of these values involves 
a knowledge of the actual composition of RNA extracted in each experiment. It 
is evident from Table 4 that extraction with hot NaCl yields RNA of a different 
composition from that obtained by hydrolysis of intact cells. Since the composi- 
tion was not determined for each experiment, it is possible that some of the scatter 
is due to a variable amount of fractionation by the extraction procedure. !” 

Our calculation of the composition of the active fraction assumes that the 3’ 
isomers of all nucleotides derived from this fraction have equal specific activities, 
irrespective of differences in specific activity between the 5’ isomers. This is 
equivalent to assuming that in this fraction, at least, the sequence of nucleotides is 
statistically random.'* The concordance between the calculated composition of 
the active RNA fraction and yeast DNA, which is unlikely to be fortuitous, tends to 
strengthen the assumption of a statistically random sequence. Staehlin has 
recently shown that in tobacco mosaic virus the RNA sequence is random in this 
sense. Using, in the same way as we have done, a comparison of the specific ac- 
tivities of 2’ + 3’ and 5’ nucleotides labeled with P*?, he found that while the 5’ 
isomers varied considerably in specific activity, the 2’ + 3’ were always equal.” 
We believe that these results, taken together with our own, suggest that no strong 
neighbor preferences exist among the nucleotide units in RNA molecules generally. 
The data, however, do not exclude the possibility that weak preferences exist." 

The existence of a species of RNA related in composition to DNA has been pre- 
viously reported by Astrachan and Volkin in the special case of FE. coli infected 
with bacteriophage. Like our active fraction from yeast, it shows a rapid rate of 
turnover." 

It is probable that such a fraction may be of general occurrence. Spirin, Belo- 
zersky, Shugaeva, and Vanyushin'* have studied the composition of RNA and 
DNA from 19 species of bacteria. They find that although the composition of 
DNA varies much more than that of RNA, a low correlation nevertheless can be 
established between the ratio AD + TH/GU + CY in DNA, and the corre- 
sponding ratio AD + UR/GU + CY in RNA. As they point out, this could be 
explained by assuming that the bulk of the RNA in different species is closely 
similar in composition, but that a small RNA fraction exists, having a composition 
similar to DNA, uracil replacing tl. mine. This is the same conclusion we draw 
for the case of yeast. 

The function of such an RNA fraction is not yet clear. In view of its composi- 
tion, it might be a primary gene product, acting as an agent for transmission of 
genetic information from DNA to protein. Alternatively, it could be storing in- 
formation for the replication of DNA itself, if such a process is, as has been sug- 
gested, of an indirect nature.'® 

Summary.—Comparison of the uptake of P* into 2’ + 3’ and 5’ isomers of 
nucleotides obtained by alkaline and diesterase hydrolysis of yeast ribonucleic acid 
indicates the existence of a fraction having a high rate of turnover and a composition 
very similar to yeast desoxyribonucleic acid, uridylic replacing thymidylic acid. 

* Senior Research Fellow, U.S. Public Health Service. This work was supported in part by 
Grant C-3509 from the U.S. Public Health Service. 

1 The following abbreviations are used: RNA—ribonucleic acid; DN A—desoxyribonucleic 
acid; AD, CY, UR, GU, TH—adenylic, cytidylic, uridylic, guanylic, and thymidylic acids, re- 
spectively. 
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Evidence from a number of laboratories indicates that a low molecular weight 
ribonucleic acid fraction (S-RNA) serves as an intermediate carrier of activated 
amino acids on the pathway to protein synthesis. The amino acids are bound in 
ester linkage to the ribose moiety of the terminal adenosyl unit of the S-RNA.!~4 
Lack of competition of amino acids for attachment to this S-RNA fraction,® the 
specificity of activating enzymes in catalyzing the esterification of individual amino 
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Fria. 1.—Steps in the formation of dye-RNA. 


acids to S-RNA,*:* and partial separation of S-RNA into fractions with enhanced 
abilities to accept particular amino acids*—" all suggest that separate S-RNA mole- 
cules may exist, each coded for a specific amino acid. 

It has been observed?~‘ that the presence of an amino acid in ester linkage 
on the 3’ or 2’ hydroxyl group of the ribosyl moiety of the terminal adenosy] unit 
of S-RNA prevents oxidation of these positions to aldehydes by periodate. A 
possible separation of S-RNA bearing a particular amino acid from the remaining 
nonesterified S-RNA has been based on this observation. 

It had been found that dinitrophenylhydrazine can be attached to periodate- 
oxidized S-RNA, but not to S-RNA which is not so oxidized,'! and the dinitro- 
phenylhydrazono-RNA gave some promise of separability from untreated RNA 
of this type, in countercurrent distribution systems such as that of Warner and 
Vaimberg.'? It appeared desirable, however, to look for a substituent larger 
than dinitrophenylhydrazine to attach to the aldehyde groups produced by perio- 
date oxidation of the terminal ribosy] unit of the RNA. 2-Hydroxy-3-naphthoic acid 
hydrazide has been found also to form a hydrazone with the aldehyde groups, and 
when tetrazotized o-dianisidine" is added to this latter hydrazono-RNA,a blue dye is 
formed, bound firmly to the RNA (Fig. 1A, B,andC). The dye-bound RNA can 
readily be separated from the untreated RNA by precipitation from a system com- 
posed of potassium phosphate buffer at pH 7.5 and n-propanol. 
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Materials and Methods.—Preparation of RNA: The RNA is prepared by direct 
phenol extraction of whole yeast cells as described by Monier et al.'! This type 
of RNA is similar in physical characteristics and in ability to accept amino acids 
to the S-RNA prepared by the conventional homogenization and centrifugation 
techniques. The phenol extraction is a slight modification of the methods of 
Kirby'* and of Gierer and Schramm." Briefly, the RNA is extracted from the 
yeast cell suspension with an equal volume of 90 per cent phenol, precipitated by 
addition of alcohol, and then treated with charcoal. After a second precipitation 
by alcohol, the RNA is separated from polysaccharides by extraction from phos- 
phate buffer into ethylene glycol monomethyl ether, and is again precipitated from 
alcohol. The latter extraction step is repeated, and the RNA is dialyzed against 
distilled water. The RNA is stripped of its amino acids by incubation for 60 min 
at 37° with 0.1 M Na.CO;, previously adjusted to pH 10 by means of NaOH. 
The solution is neutralized and dialyzed against distilled water. 1.4 umoles of 
MgCl, are finally added per mg of RNA. 

Preparation of enzyme, free of amino acid and nucleic acid: Enzymes from 
Ehrlich ascites tumor cells are used. The 100,000  g supernatant fraction of 
ascites cells from which the pH 5 fraction has been removed is freed of amino acids 
and nucleic acid by fractionation on an N,N-diethylaminoethylcellulose (DEAE) 
column, as follows: 

The column (2 em X 19 em) is equilibrated with 0.02 M potassium phosphate 
at pH 7.7. About 100 ml of the crude enzyme fraction is dialyzed against the 
same buffer and then poured on the column. The phosphate buffer is washed 
through at a rate of 1.5 ml per min until the absorbancy at 260 my and 280 mu 
is almost down to the background level. This procedure removes nucleotides and 
free amino acids. The crude enzyme fraction is eluted by means of 0.02 M potas- 
sium phosphate buffer at pH 7.7 containing 0.25 M NaCl. 10 ml fractions are 
collected. The elution is continued until the Avg) and Aogso of the effluent approaches 
the background values. At this salt concentration the small amount of S-RNA 
present in the original fraction remains on the column. The fractions are pooled, 
lyophilized and dialyzed for 4 hr against a medium containing 0.25 M sucrose, 
0.025 M KCl, 0.005 7 MgCl, and 0.05 M tris(hydroxymethyl)aminomethane 
buffer at pH 7.5. The final preparations contain approximately 1 mg of protein 
per ml. Although a substantial fraction of the activating enzymes is removed in 
the pH 5 precipitate, this preparation still contains valine activating enzyme, now 
almost free of amino acids and S-RNA. 

Incubation with C'*-amino acid: The incubation mixture, as previously de- 
scribed,‘ contains the following in each ml: 10 ymoles of adenosine triphosphate, 
0.5 umoles of cytidine triphosphate, 10 wmoles of phosphopyruvate, 10 ug of pyru- 
vate kinase, 0.6 ml of ascites enzyme fraction, 2-3 mg of RNA containing 1.4 umoles 
of MgCl./mg RNA and 0.1 ywmole of C'-L-valine containing 450,000 counts per 
min. Incubation is for 15 min at 37°. 

After incubation the C'*-valine-RNA is reisolated from the incubation mixture 
using a phenol extraction procedure. The incubation mixture is stirred for 30 
min at room temperature with an equal volume of 90 per cent phenol. This is 
followed by centrifugation for 15 min at 10,000 X g. The upper phase containing 
the RNA is removed. The lower phase is stirred with about one-fourth its volume 
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of water and is centrifuged. The aqueous supernatants are combined and the 
RNA precipitated by the addition of one-tenth the volume of 2 )f potassium ace- 
tate and 2.5 volumes of cold alcohol. After standing for 4 hr at — 10° the tube is 
centrifuged and the RNA pellets dissolved in a minimum amount of water. The 
RNA solution is stirred with acid-washed charcoal (Norit A, Fisher Scientific 
Company) for 15 min at 0°, using about 1.5 gm. charcoal per 100 mg RNA. The 
charcoal is removed by centrifugation at 12,000 X g for 15 min, and the charcoal 
pellet washed with a small amount of water. The RNA of the combined super- 
natants is precipitated by the addition of cold acetate and alcohol as previously 
described. A minimum amount of water is used to dissolve the RNA pellet and 
the solution is dialyzed for 12 hr against 0.001 M Na acetate at pH 5. 

Preparation of dye-RNA: 2-Hydroxy-3-naphthoic acid hydrazide and tetrazo- 
tized o-dianisidine were obtained from the Dajac Laboratories, Borden Chemical 
Company, Philadelphia, Pennsylvania. It is reported that the tetrazonium com- 
pound comprises approximately 25 per cent of the weight of the commercial ma- 
terial, stabilizing reagents making up the remainder. 

(i) Oxidation of RNA containing no terminal amino acid: Free 2’ and 3’ hydroxyl 
groups on the ribose of the terminal adenylic acid moiety of S-RNA may be oxi- 
dized to the dialdehyde by treatment with periodate.'* 7 RNA (5 mg/ml) is 
incubated for 1 hr at room temperature in the dark, with 0.05 M sodium acetate 
at pH 5.0 and 0.1 MW NalO,. Following incubation, most of the excess periodate 
is precipitated as the potassium salt by the addition of 0.2 M@ KCl. After standing 
10 min at 0°, the precipitate is removed by centrifugation and the oxidized RNA 
dialyzed for 2—3 hr against distilled water. 

(ii) Addition of 2-hydroxy-3-naphthoic acid hydrazide to oxidized RNA, to forma hy- 
drazone: The incubation mixture contains the following in each ml: 5 mg of 
oxidized RNA, 50 umoles of sodium acetate pH 5, and 0.5 ml of redistilled ethylene 
glycol monomethyl ether, containing 2.5 mg of 2-hydroxy-3-naphthoic acid hy- 
drazide. Incubation is for 30 min at 37°. 

The incubation mixture is extracted twice with an equal volume of ethyl acetate 
to remove most of the excess of 2-hydroxy-3-naphthoic acid hydrazide. It is 
essential to remove this excess 2-hydroxy-3-naphthoic acid hydrazide, since tetra- 
zotized o-dianisidine reacts with it to form a blue dye even in the absence of RNA. 
The RNA is precipitated from the incubation mixture by the addition of one-tenth 
volume of 20 per cent potassium acetate pH 5 and 2.5 volumes of cold ethanol. 
After standing at 0° for 30 min, the RNA is collected by centrifugation, redissolved 
in a small volume of distilled water and is reprecipitated from alcohol as described 
above. The final RNA pellet (2-hydroxy-3-naphthoic acid hydrazono-RNA) is 
washed with cold 95 per cent ethanol. 

(iii) Coupling of the hydrazono-RNA with tetrazolized o-dianisidine to form an RN A- 
bound dye: About 5 mg of hydrazono-RNA is incubated in 0.1 1/7 potassium ace- 
tate pH 5 containing 1 mg of the stabilized salt of tetrazotized o-dianisidine in a 
volume of 1 ml. The tetrazonium salt is freshly dissolved in water at a concentra- 
tion of 10 mg/ml just prior to each experiment. After standing at 0° for 5 min, 
0.5 ml of cold absolute ethanol is added. The solution turns blue almost im- 
mediately, with increase in intensity upon addition of the alcohol. After 5 more 
min at 0° an additional 0.5 ml of cold ethanol is added. At the end of 10 more min 
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at. 0° the RNA is precipitated by the addition of 1.5 ml of cold alcohol and 0.05 
ml of 2 M potassium acetate, pH 5. After standing at 0° for at least 1 hr the pellet 
is washed once with 2 ml of ice-cold absolute ethanol. The washed RNA pellet 
(dye-RNA) is dissolved in distilled water and fractionated as soon as possible. 
Prolonged storage results in variable loss of dye from the RNA. The absorbancy 
maximum for the blue dye is quite broad ranging from 545 to 560 mu. 

Fractionation of RNA: The RNA pellets are dissolved in a small volume of 
distilled water (about 5 mg RNA/ml). All of the following steps are carried out 
near 0°. Nine volumes of 2.5 M potassium phosphate buffer at pH 7.5 are added, 
giving a final concentration of 2.25 M. A large fraction of the dye-RNA pre- 
cipitates and is removed by centrifugation. Redistilled n-propanol equilibrated 
with the 2.5 M phosphate buffer is added dropwise to the aqueous phosphate 
solution, which is stirred constantly by a magnetic stirrer. After 0.25 volumes of 
n-propanol are added dropwise to the phosphate solution, the mixture is poured 
into a tube which is centrifuged briefly. Two phases form, with a precipitate of 
dye-RNA at the interface. The upper, propanol phase is discarded. The lower, 
aqueous phase is carefully transferred to the mixing flask, leaving behind the pre- 
cipitate of RNA. The propanol is added to the mixing flask in increments of 
0.25 volumes, and the separation repeated as described. All of the dye-RNA is 
precipitated by the time 1.5 volumes of propanol solution equilibrated with phos- 
phate have been added. Up to 3 volumes of the propanol solution are added. 
At this point n-propanol which has not been equilibrated with the phosphate buffer 
is added in increments of 0.25 volumes. RNA, free of dye, then precipitates at the 
interface. 

The precipitates of RNA are drained as free as possible of solution by careful 
inversion over absorbent paper, and are dissolved in distilled water. The Adgo, 
Aogo, and Aseo are determined using a Beckman spectrophotometer. 

Determination of radioactivity present in the solutions of RNA obtained from the 
propanol-phosphate fractionation: Since traces of inorganic phosphate present in 
aliquots of RNA solution to be used for counting interfere with accurate estimations 
of specific activity, special precautions must be taken to free the samples of phos- 
phate before counting. Aliquots of the RNA solution are taken, and the RNA is 
precipitated by the addition of an equal volume of 8 per cent trichloroacetic acid. 
This nucleic acid precipitate is washed twice with 0.002 N HCl in 80 per cent 
ethanol, and finally with absolute ethanol. The resulting pellet of nucleic acid, 
free of inorganic phosphate, is dissolved in 0.2 VW potassium acetate at pH 5 and the 
potassium salt of the nucleic acid is precipitated by the addition of 2.5 volumes of 
cold ethanol. The pellet is dissolved in water. An aliquot is taken for determina- 
tion of Asso. The absorbancy index used is 32.3 cm? mg~! RNA at 260 mu in 0.1 
N NaOH." Another aliquot is plated directly on glass planchets for counting, 
using a Nuclear-Chicago Gas Flow, end-window counter with a counting efficiency 
of approximately 35 per cent. The specific activity of the sample is determined, 
and the total counts calculated from the RNA present in the total interface pre- 
cipitate. 

Results.—The degree of completeness of the reaction of dye binding te the RNA 
is dependent upon a number of individual steps. Since the oxidation of the 2’ 
and 3’ hydroxyl groups of the ribose moiety of the terminal adenosy] unit will not 
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FiG. 2.—Effect of incubation at pH 10 upon C!*-valine-RNA and C'-AMP-RNA. 
Incorporation of C'*-labeled amino acid and terminal nucleotide into S-RNA is 
carried out as previously deseribed.*: 8 After incubation, the RNA is precipitated 
by the addition of lysozyme 1.5 mg/mg RNA at pH 5.0. The RNA is isolated by 
phenol extraction.* C!*-valine-calf liver S-RNA containing 1,100 epm/mg and 
C'4-AMP-yeast S-RNA (terminal position only) containing 13,700 cpm/mg are 
used. 0.6 mg of each is incubated with 0.1 M@ K,CO; at pH 10 and 0.002 M MgCl. 
at 37° for the various time intervals indicated. After incubation, carrier protein is 
added and the RNA samples are reisolated for counting by the sodium chloride 
method described previously. The results are expressed as (epm/mg RNA)/ 
(original epm/mg RNA) X 100. 


take place if amino acids are bound in ester linkage to the 2’ or 3’ position, it is 
important that any amino acids so situated be removed prior to the oxidation step. 
Figure 2 shows that treatment at pH 10 for 60 min at 37° removes 95 per cent of 
valine bound to S-RNA. Figure 2 indicates that although the ester linkage of 
the amino acid to S-RNA is labile at this pH, the phosphodiester linkage of the 
terminal adenylic acid moiety to the remainder of the S-RNA molecule is stable 
for at least 1 hr under these conditions. Such alkali treatment does not therefore 
harm the terminal units of the S-RNA molecules. 

Figure 3 shows a time curve of the addition of 2-hydroxy-3-naphthoie acid 
hydrazide to oxidized RNA. The extent of the reaction has been measured by the 
over-all dye binding under otherwise constant conditions. The pH at which the 
naphthoic acid hydrazide is added is not critical, since the extent of the dye binding 
is the same over a pH range of 4.0 to 9.2. pH 5 has been used routinely because 
the amino acid ester linkage to RNA is stable at this pH. 

The pH of the coupling reaction is not critical over the range of 4 to 6. At pH 
7.3 and above, however, there is a small but significant binding of dye to the control 
sample of unoxidized RNA. For this reason pH 5 is used for the routine addition 
of tetrazotized o-dianisidine to the hydrazono-RNA. 

Figure 4 shows that the reaction of hydrazono-RNA with tetrazotized o-dianisi- 
dine is virtually complete using 0.3 mg of stabilized diazonium salt per ml. There 
is no reaction of diazonium salt with unoxidized RNA over the entire range of 
concentration. In samples of dye-RNA the maximum ratio of Asgo/As¢0 is 0.048. 

Figure 5 shows the efficiency with which the dye-bound RNA separates from 
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Fig. 3.—Time curve of addition of 2-hydroxy-3-naphthoic acid hydrazide 
to oxidized RNA. Conditions for preparing the hydrazono-RNA are de- 
scribed in the methods section except that 1 mg oxidized-S-RNA is used for 
each time point and the incubation of this oxidized RNA with 2-hydroxy- 
3-naphthoie acid hydrazide is carried out for the time periods indicated in 
the figure. 


the non-dye-bound RNA. The RNA is first stripped of esterified amino acids 
by incubation at pH 10 for 1 hr at 37°. A single C'*-amino acid (L-valine) is 
bound by ester linkage by incubation with a crude ascites enzyme fraction freed 
of endogenous amino acids and RNA by passage through a DEAE column. The 
labeled RNA is reisolated from the incubation mixture as described in the methods 
section. One half is subjected to the dye addition procedures. Both samples are 
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Fig. 4.—Coupling of hydrazono-RNA with tetrazotized o-dianisidine Con- 
ditions for the coupling reaction are the same as described in the methods section. 
Each aliquot contains 0.5 mg of hydrazono-RNA. The abscissa represents the 
approximate amount of stabilized salt of tetrazotized o-dianisidine added per 


ml of solution. 
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Fic. 5.—Partial fractionation of C'*-valine-RNA before and after addition of 
dye to the RNA. The details of the labeling of RNA with one amino acid and the 
fractionation procedure are described in the methods section. Curve A is the frac- 
tionation of a sample of C'*-valine-RNA. Curve B is the fractionation of a sample 
of the same RNA to which dye is added. The solid line indicates the mg RNA found 
in the interfacial precipitate and the dotted line indicates the absorbancy at 560 mu. 


then fractionated in the phosphate-propanol system. Figure 5 indicates the results 
of the fractionation. The top curve (A) shows the precipitation pattern of un- 
treated RNA, whereas the lower curves (B) indicate the precipitation distribution 
of the dye-bound RNA. The solid line indicates the mg of RNA and the dotted 
line the Ase of the sample. There is essentially no Ase (blue dye) in area II in 
curve B, which corresponds to the point in curve A at which untreated RNA 
emerges. About 10 per cent of the sample of treated RNA is free of the dye. 

The C'*-valine RNA might be expected to appear in area II of the RNA pre- 
cipitation pattern, with a resultant increase of specific activity over the unfrac- 
tionated “original sample.” Fortunately, the amino acid ester bond to S-RNA 
is stable throughout the entire procedure of the addition of dye to the RNA mole- 
cules containing no amino acid. It is also quite stable during the fractionation 
procedure if the latter is carried out quickly and near 0°. Figure 6 indicates the 
location of radioactivity in the same RNA fractionation shown in Figure 5. Be- 
fore dye treatment, almost all of the RNA and C!*-valine are found in the control 
area (Fig. 6, curve A, II). There is a slight enrichment of specific activity, indi- 
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Fig. 6.—Location of radioactivity in the fractionation of C!*-valine-RNA before 
and after addition of dye. The RNA sample is labeled and fractionated as described 
in the methods section. The solid lines indicate the mg of RNA in the precipitate 
and the dotted lines show the total counts per minute found in the precipitate. The 
specific activity of the RNA of the unfractionated sample, the peak tube of the dye- 
RNA area (I), and the tube in the control area (II) containing the greatest number 
of counts are indicated. Curve A shows the fractionation of untreated C1*+-valine- 
RNA and curve B shows the fractionation of the same sample after addition of dye. 


cating a partial fractionation of valine-RNA in respect to the rest of the RNA 


molecules. 

Fractionation of the same sample of RNA treated with dye shows that the 
bulk of the C'*-valine still appears in the nondye RNA peak (curve B, II), while 
85-90 per cent of the RNA has reacted to form bound dye (curve B, I) and is well 
separated from the RNA containing amino acid and no dye. The figure indicates 
a maximum 12-fold enrichment of specific activity over the initial ‘mixed’ sample 
of RNA. Some radioactivity is found in the dye-RNA peak (peak I), presumably 
due to coprecipitation of some RNA along with the dye-RNA molecule. 

This coprecipitation has been minimized in other experiments by adding 2.5 M 
phosphate buffer, very slowly and with careful stirring, to the aqueous solution of 
RNA (containing both dye-RNA and non-dye-RNA) and, by removing the pre- 
cipitate as it forms. 

It is interesting to inquire whether the lack of superimposability of the two 
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curves in Figure 6 A, II is due to partial separation of the valine-RNA from other 
amino acid-accepting RNA’s, or is due to the presence of RNA unable to accept 
any amino acid. In an effort to distinguish these possibilities, a sample of RNA 
was labeled with C'*-AMP, using C!‘-ATP as a precursor,'* and was subjected to 
the phosphate-propanol fractionation. As shown in Figure 7, the curves of total 
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Fic. 7.—Location of radioactivity in the fractionation of C'-AMP-RNA. Incorpora- 
tion of the terminal nucleotide into S-RNA using C'*-ATP as precursor is carried out as 
previously described.'* In this fractionation 0.80 mg of RNA containing 13,700 cpm/mg 
were used. Other conditions are described in the methods section. 


radioactivity and of mg of RNA are nearly superimposable. Virtually all of the 
RNA is thus capable of adding a terminal AMP group and, by inference, of ac- 
cepting an amino acid on that terminal AMP-group. The lack of superimposa- 
bility of the two curves in Figure 6, curve A, II, therefore appears to be a frac- 
tionation of the C!*-valine-RNA from the rest of the family of amino acid-accepting 
RNA’s. 

In a separate labeling and isolation experiment using larger amounts of RNA, 
a sample similar to Fraction II of Figure 6B was subjected to further scrutiny to 
determine whether this RNA could be freed of its radioactive valine, then relabeled. 
A further question was whether this fraction could be relabeled with an amino acid 
other than valine. Accordingly, four separate fractions from a curve similar to 
6B II were incubated at pH 10, 37°C, for 30 min to hydrolyze the C'4-valine-RNA 
bond. The RNA fractions were neutralized and dialyzed to free them of C'4-valine, 
and were then reincubated as previously described for amino acid labeling. The 
fractions relabeled about one half as well as before with C!4-L-valine, but not with 
C'4-L-leucine, although the original RNA sample prior to the fractionation pro- 
cedure had labeled well with both C'‘-amino acids. It may be concluded that a 
large part of this fraction of S-RNA (6B II) therefore is still capable of being re- 
labeled, and has been freed nearly completely of leucine acceptor RNA. 

A similar over-all labeling and fractionation experiment was carried out using 
C'*-leucine-RNA. The fractionation curves were quite similar to those obtained 
using C'*-valine-RNA and there was a maximum 9-fold enrichment of specific 
activity over the original ‘“‘mixed”’ sample of C'4-leucine-RNA. The leucine peak 
emerged just prior to but overlapping the location of the value peak. 
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Discussion.—An increase in the specific activity for valine-S-RNA of the order 
of 15-25 times might be expected if this molecular species were freed from all others 
in the S-RNA fraction. Admittedly, even this estimate is open to uncertainty. 
The lack of superimposability of the curves for valine radioactivity and for 260 
my absorbancy expressed as mg RNA in the enriched peak shown in curve B, IL 
of Figure 6, however, provides direct evidence that the valine-RNA fraction is not 
homogeneous. [urther improvements in the present fractionation scheme will 
depend on (a) more complete removal of amino acids from the S-RNA fraction 
prior to attachment of a single labeled amino acid; (b) greater attention to details 
for preservation of the rather unstable bond of dye to RNA; and (c) further re- 
finement of the rather arbitrary fractionation procedure itself. There is also 
evidence'® for the presence in some preparations of S-RNA of RNA not involved 
in amino acid transfer reactions. 

A variety of other aldehyde addition reagents and diazonium couplers are 
also available for trial. We have found that hexazonium pararosaniline” couples 
well with 2-hydroxy-3-naphthoie acid hydrazono-RNA, with production of a red, 
dye-bound RNA which gradually precipitates out of 2.2 M phosphate buffer pH 
7.5 without the addition of n-propanol. We have, however, had little experience 
as yet with other features of this dye-RNA. The periodic acid-Schiff reaction?! 
has been too nonspecific in its attachment to RNA to be promising as an aldehyde 
addition reaction. 

The relative ease of achieving partial separations of S-RNA molecules by purely 
physical means ®~*: 2. *3 (also ef. Figure 6, control curve A, peak IL) suggests that 
differences other than arrangement of nucleotide sequence may distinguish them. 
The possibility of specific differences in secondary or tertiary structure may thus 
also be considered. The “recognition” by a given S-RNA molecule of an activating 
enzyme bearing a particular amino acid is a case in point. To accomplish this 
purpose, some large surface fit of RNA to enzyme might be involved. 

Summary.—A method of fractionation of S-RNA molecules has been described 
which is based on the ability of periodate to oxidize to aldehydes the unesterified 
2’ and 3’ hydroxyl groups of the terminal ribosyl group of S-RNA. S-RNA pre- 
viously stripped of amino acids is relabeled with a single amino acid, L-valine, 
which becomes esterified to the 3’ or 2’ hydroxyl group of the terminal ribose, thus 
blocking periodate oxidation of this amino acid-bearing RNA molecule. The 
remaining free 3’ and 2’ hydroxy! groups of the terminal ribosyl groups present in 
the remainder of the molecules in the S-RNA are oxidized by periodate. 2-Hy- 
droxy-3-naphthoie acid hydrazide is now added, and forms a hydrazone with the 
aldehyde groups. Upon addition of tetrazotized o-dianisidine to this solution of 
hydrazono-RNA, a blue dye is formed by coupling of the diazonium compound with 
the hydroxy-naphthoic acid hydrazono-RNA. This dye-bound RNA is sufficiently 
different in solubility from the original RNA in concentrated phosphate buffer at 
pH 7.5 to be separable by stepwise addition of n-propanol. A partial purification 
of valine-RNA has been achieved, with thus far a 12-fold enhancement of specific 
activity. This procedure appears to have a general applicability to the separation 
of other aminoacyl-RNA molecules from the family of closely related RNA mole- 
cules generally believed to play a role in the coding of amino acids for the sequence- 
aligning step in protein synthesis. 
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A NEW REACTION OF CYCLIC ALIPHATIC ANHYDRIDES* 
By D. RirrenBerct AND Laura PoNTICORVO 
DEPARTMENT OF BIOCHEMISTRY, COLLEGE OF PHYSICIANS AND SURGEONS, COLUMBIA UNIVERSITY 
Communicated April 11, 1960 


During the course of another investigation, it was found that the addition of 
catalytic amounts of pyridine to maleic anhydride induces a chemical reaction of 
some violence which yields carbon dioxide and a black brittle residue. Further 
studies show that this reaction is a general one, occurring with most aliphatic cyclic 
anhydrides and with all tertiary amines tested except triethanolamine. Primary 
and secondary amines (e.g., aniline a-naphthylamine, diethylamine, morpholine) 
do not catalyze the reaction. The anhydrides and active amines tested are listed 
in Table 1, The reaction varies in rate with the various anhydrides; it is rapid 
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TABLE 1 
ANHYDRIDES WHICH YIELD CO. oN TREATMENT WITH PYRIDINE 
Maleic 6-methylglutaconic 
Succinic Glutaric 
Adipic Citraconic 
Chloromaleic Sebacic 
BASES WHICH CATALYZE THE REACTION 


Triethylamine Quinoline 
Tri-n-butylamine 5,6-Benzoquinoline 
Dimethylaniline Quinaldine 
Pyridine Collidine 
2,6-Lutidine Quinaldine 


with maleic anhydride and slow with succinic. The base has only the role of a 
catalyst because the product formed is free of nitrogen. 

With most anhydrides the reaction occurs in two stages. In the first a red to 
red-brown color appears. ‘This red color has been observed by Pfeiffer and Béttler! 
on the addition of maleic anhydride to dimethylaniline. In contrast, the addition 
of a primary or secondary amine to these anhydrides, at room temperature or at 
the melting point of the anhydride, yields either no color or a yellow one. 

The addition of triethylamine to maleic anhydride at room temperature pro- 
duces within 30 sec a sequence of colors which pass from yellow to red to purple to 
purple-black. The color sequence with triethylamine and itaconic anhydride has 
been observed by Barb,’ who offered it as a specific test for detection of tertiary 
aliphatic amines.’ 

The reddish-colored pigment usually formed initially is soluble in acetone, aceto- 
phenone, and halogenated hydrocarbons and remains unchanged in these solvents 
for some hours. If water is added, the color fades. The reddish pigment can 
also be produced when the reaction between maleic anhydride and pyridine is 
carried out in acetone or chloroform solution. 

The second stage of the reaction is an exothermic decarboxylation. The rate of 
the reaction is determined by the amount of catalyst added and the temperature. 

Experimental.—In a typical experiment 4 ml of pyridine was added to 100 gm. of 
maleic anhydride. The mixture spontaneously warmed up (turning brownish-red 
in the process) and began to decarboxylate rapidly when the temperature reached 
90°C. The temperature then rose rapidly to 160°C. On cooling, a spongy, 
friable black solid remained. 

The yield of carbon dioxide per mole of anhydride varies from compound to 
compound (see Table 2). 


TABLE 2 
YIELD oF CO, 
Temperature 
Pyridine of reaction CO: 
Anhydride mM ml °C Evolved mM 
Maleic 07 0.04 245 1.81 
Chloromaleic .97 0.05 200 95 
Citraconic .23 0.05 : 0: 
B-Methylglutaconic .03 0.05 
Succinic 0 0.20 
“ ol (a) 
sig ae (b) ° 
Succinic 506 2.0 190-200 
Adipic 3.0 0.05 200 
(a) 0.05 ml of lutidine. 
(b) 0.10 ml of triethylamine. 


‘ 
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Anhydrous sodium acetate will serve as the catalyst with maleic, chloro-maleic, 
and methylglutaconic anhydrides, giving yields of 0.54, 0.22, and 1.02 moles CO, 
per mole of anhydride. 

The products of all these reactions are black and brown-black, are soluble in 
acetone, acetophenone, dioxane, and aqueous alkali and are insoluble in benzene, 
toluene, ether, chloroform and carbon tetrachloride, and aqueous acid. The reac- 
tion can be carried on in solution in acetic anhydride, diphenylmethane, acetone, 
and acetophenone. 

The product is heterogeneous since it can be fractionated by solution in acetone 
and precipitation by ether. The most soluble fraction is brown; the least soluble 
one tends to be black. 

Cyclopentylmaleic,* dodecenylsuccinic,’ 1,2-cyclohexanedicarboxylic,® and cy- 
clohexene-1,2-dicarboxylic® anhydrides do not produce CO, on treatment with ter- 
tiary amines. 

Summary.—Many cyclic aliphatic anhydrides on treatment with catalytic 
amounts of a tertiary amine undergo a reaction with the evolution of CO.. The 
evolution of CO, is preceded by the appearance of a red to purple intermediate. 
The products are brittle and amorphous, soluble in polar solvents and in alkali, in- 
soluble in nonpolar solvents and acid. 

* This research was supported by a grant from the American Cancer Society on recommendation 
of the Committee on Growth of the National Academy of Sciences—National Research Council 
(MET-33B) and by contracts to Columbia University from the Office of Naval Research, Depart- 
ment of the Navy (ONR 26602); from the Atomic Energy Commission (AT(30-1)1803), and from 
the National Institutes of Health (E-2839). Reproduction of this article in whole or in part is per- 
mitted for any purpose of the United States Government. 

+ Part of the work described here was carried out while one of us (D. R.) was a guest at the 
Weizmann Institute of Science at Rehovoth, Israel. We are indebted to Dr. E. Katchalsky for 
many helpful discussions. 

1 Pfeiffer, P., and T. Béttler, Ber., 51, 1819 (1918). 

? Barb, W. G., J. Chem. Soc., 1647 (1955). 

Sass, 8., J. J. Kaufman, A. D. Cardenas, and J. J. Martin, Anal. Chem., 30, 529 (1958). 

4 We are indebted to Dr. W. R. Vaughn of the University of Michigan for a sample of this 
anhydride. 

5 Obtained from Allied Chemical and Dye Corp., Buffalo, N. Y. Used without further purifica- 


tion. 
6 Obtained from Brothers Chemical Co., Orange, N. J. Used without further purification. 


URBAN PLANNING, TRANSPORTATION, AND SYSTEMS ANALYSIS* 
By L. M. K. Bore.LTeR AND M. C. BRANCH 


COLLEGE OF ENGINEERING, UNIVERSITY OF CALIFORNIA AT LOS ANGELES, 
AND THOMPSON RAMO WOOLDRIDGE INC., LOS ANGELES 


Communicated by Augustus B. Kinzel, April 29, 1960 


As a consequence of established trends in our contemporary society, more plan- 
ning is required and practiced in the United States with each passing year. Plan- 
ning is applied in many forms and areas of activity. It is therefore of growing 
importance that the American people have the opportunity to choose among the 
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basic objectives implicit in such plans, and between alternative methods of effec- 
tuation. Without the presentation of this choice, the people will find themselves 
increasingly committed to ends and means established without their awareness by a 
host of separate governmental, business, and professional decisions and actions. 
A procedure of conscious selection will not require techniques of prediction which 
produce precise answers. What is essential in the American system is the oppor- 
tunity for an enlightened choice based on the facts and best judgments available. 

Although this discussion focuses on the physical environment, the human being 
is central in comprehensive planning, transportation, and related systems analysis. 
Techniques from which man is excluded in the basic study, and only appended 
to the solution later, are clearly unsound but by nomeansuncommon. Sociological 
material to be used in planning must be based on the needs and expressed desires 
of man, as interpreted by persons of wisdom and good will who are informed of the 
present, knowledgeable of the past, and can reason logically concerning the future. 
Current data obtained by scientific sampling provides neither reliable extrapolation 
nor the types of evaluative and projective judgment required in planning. Rela- 
tively few people have the requisite information or experience for considered judg- 
ments concerning complex problems and the longer-range future. We cannot yet 
sample basic or unconscious motivations which might permit the prediction of 
future opinions. And as expressed by one scientist: humans are a highly unlinear 
device. 

Planning and Systems Engineering.—The methods of analysis and synthesis now 
available or under development within mathematics, science, engineering, and other 
disciplines are adequate for the forraulation of alternative plans for communities 
and regions—including their transport systems. The techniques of the newer 
fields called operations analysis, operations research, and systems synthesis, when 
combined with the methodologies of engineering, comprise systems engineering. 

Systems engineering deals with a production process, complex of activities, or 
functioning organism of several or many parts. It treats these parts as interde- 
pendent, using mathematical and other expressions which permit the quantifica- 
tion and intercomparison of components. It evaluates the process or activity 
with reference to stated objectives or specific results, often expressed as cost, time, 
resources consumed, or impact on man. It derives alternative ways of achieving 
these objectives. The basic intent and the measure of its success is an optimum 
relationship between the combined inputs into the system and the outputs of the 
system, which satisfies the established purposes and various limiting criteria. 
Systems engineering seeks to measure not only the performance reliability of parts 
of the organism, but predict its probable life as an entity as designed. It is applied 
from initial conception to the termination of the system. It includes man as well as 
machines and other inanimate phenomena in its formulation and treatment of the 
problem. 

Systems optimization with respect to man involves more than his average physio- 
logical and psychological requirements. It must account for the important indi- 
vidual differences among men, and include the needs of the whole emotional- 
intellectual being. At least for some time to come, determination of human ob- 
jectives for planning will remain essentially a matter of value judgment. But there 
is much we can do to improve our techniques of achieving sound value judgments, 
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and to fulfill the democratic purpose of fundamental betterment in the condition 
of man. : 

Systems engineering, or its equivalent in the different descriptive words which 
some prefer, is a core methodology of coordinative planning. Because it is directed 
toward constructive guidance and the prevention of mistakes, rather than toward 
static diagnosis, it incorporates the basic intent of planning. To be sure, many 
more data than are now recorded and available will be needed to design systems 
with predictive characteristics, but the electronic computer is at hand to correlate, 
store, and otherwise process the information. In their treatment of all elements of 
an organism as interdependent, planning and systems engineering contrast with the 
artifice of treating each component separately. Unfortunately, this artifice is still 
in common use: witness as a single example the separate handling of the different 
utilities installed in the city street, with the usual result that its over-all design and 
functioning suffer from this lack of integration, and total costs over time are in- 
creased. 

Mobility —The extension of man’s senses and physical capabilities is a develop- 
ment as old as man. First, he transferred certain of his activities to domestic 
animals, and later to machines. He is now extending his control of repetitive-deter- 
ministic processes through automation. Man has also collectivized his activities, 
in that he has made it possible for one person to perform or control the work tasks 
of many others. But man’s innate needs, mode of life, social mores, and drives are 
such that he refuses intuitively for his own well-being to delegate certain of his indi- 
vidual functions to machines or other men. Should he ever choose to do so, the 
nature of our society would change radically. Theoretically, a human society could 
evolve like those of the social insects, with a group of queens performing the sig- 
nificant control and a mass of human drones following a pattern of prescribed action. 

It is possible to collectivize the transport of goods and people to a much greater 
extent than is now the case, but certain of these movements must remain subject to 
individual choice. Some maintain the best balance has already been disturbed. 
Man sits too much, an unnatural position for prolonged periods. He appears overly 
enamored of the many personal control tasks now possible through widespread 
mechanization. The availability of power which the individual can manipulate to 
effect his own movements is both a significant step forward and a great temptation 
for misuse; the automobile, of course, is the prime example. Parenthetically, 
individual transportation does not extend man’s senses, unless the rear view mirror 
is an exception. In general, the acceleration of mechanization, materialism, and 
organizational-social conformity suggest we at least pause and consider to what 
extent these trends coincide with our desired objectives. 

The means of extending individual surface mobility to a larger and larger propor- 
tion of the population are at hand, with new horizons of air transport in the making. 
But the direct and indirect costs of unplanned expansion—in space, manpower, 
dollars, time, natural resources, and human wear and tear—are being largely ignored. 
In an expanding and profligate society, failure to evaluate present and future costs 
in the broadest sense of the term is a serious omission. 

Such an evaluation requires theoretical advances. Only so much is accomplished 
by the accumulation of masses of transportation data, unless they are transformed 
into meaningful generalizations or specific formulations which can be employed 
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in system design and control. It might be added that such data-gathering can be 
made more efficient by a more extensive use of models. These are helpful in 
determining initially what data are needed and in what form, or as a check during 
the earlier stages of collection. In certain situations, their use may eliminate the 
need for elaborate survey. Under the auspices of the U.S. Office of Naval Research, 
Air Force, and the National Academy of Sciences—National Research Council, 
some progress has been made in studying the air and ocean transport of goods. 
But further study is needed to evaluate the complete sequence of movement and 
related effort from beginning to end: shipment, storage, loading, unloading, trans- 
portation, communication, organizations, and the use of material resources, time, 
money, and people. Theories of mobility are needed applicable to goods, wastes, 
and the many materials produced and transported in discrete form. And there is 
more to be learned about the methods of moving continuous media or energy such as 
water, electric power, gas, or oil—especially with reference to their location on, 
below, or above ground. Time and motion studies, hydraulics, queueing theory, 
mathematical and logical simulation, and the various theories of traffic flow will be 
among the techniques applied. 

Finally, the total transportation function of moving goods and people within a 
city, region, or nation must be examined as a single complex of many interrelated 
subsystems and parts. Only in this way will we learn how the different modes 
of transportation might be used to complement each other and optimize the func- 
tioning of the total system. Such analysis is best conducted by a neutral organiza- 
tion, for among the problems which cannot be ignored is the role of regulatory 
agencies, of government and private ownership. Although traditions and es- 
tablished positions are strong on this score, they will have to be resolved gradually 
in terms of the general public interest. 

Transportation Systems and Urban Variables——It is an axiom confirmed by 
settlements throughout history that transportation routes for men and materials 
are primary determinants of the physical arrangement of human habitats. The 
use of land other than for transportation also shapes the form of communities and 
rural regions. Because of the significance of accessibility in the employment of 
land, transportation and land use are, of course, closely interrelated—an age-old 
interdependence highlighted by mass transportation and the private automobile. 
But land use is also influenced by topography, geology, climate, religion, and many 
other factors. In particular situations, any one of the many elements consti- 
tuting the human habitat may be dominant. There are today only a few elements 
in planning which are treated as absolutes: climate, seismic conditions, atmos- 
pheric radiation, tides, or other natural phenomena beyond human influence. 
And the effects of even these are subject to increasing modification by man at a 
cost in time, money, and other resources: climate by heating, air conditioning, 
or cloud seeding; seismic effects by preventive engineering; or atmospheric radia- 
tion by atomic fallout. Since we possess the capability of atomic explosion, at- 
mospheric pollution, or affecting our biological development, it can be argued there 
are no immutables in planning. 

But the successful conduct of the affairs of men normally requires a conceptual 
and procedural dominant. Plans are formulated and effectuated in terms of pri- 
mary and secondary elements. The primary elements can be considered relatively 





828 ENGINEERING: BOELTER AND BRANCH Proc. N. A. 8S. 


independent variables. Their selection is vital to the substance of the plan on 
paper and its outcome in physical space. To the extent one can generalize, trans- 
portation, land use, and utilities are the dominants of urban planning in the United 
States today. Unfortunately, however, it is often assumed that these dominants 
which shape the community for many years should follow current preferences and 
self-interest. 

It would be better if the people concerned decided what fundamental charac- 
teristics they want in the city in the future, the functions they believe paramount. 
These choices would establish parameters of land use and population density, which 
in turn determine the network of transport conforming to the selected urban func- 
tions. A series of progressive steps or transformations in the transportation system 
would be undertaken to bring about the desired city of the future. To be sure, 
our concept of the desirable city changes, but not so continuously or radically that 
the process of planning does not produce in the long run results more satisfying and 
closer to our total wishes than would occur by chance. Furthermore, there is 
actually no choice, for planning has always been an essential aspect of human action. 
In the complex technological world of today, it is more than ever necessary. 

Because a city rebuilds itself gradually by discrete increments, change is inevitable 
and directed rearrangement entirely feasible. The American community today 
renews itself for the most part in seventy-five to one hundred years. Its primary 
productive facilities are replaced at shorter intervals, and many residential struc- 
tures are becoming less permanent. Also, we can now tear down and rebuild more 
quickly than we could not too many years ago, and moving entire buildings is 
often feasible. These observations underline the fundamental nature of cities and 
ruralities as subtle systems of many interrelated parts. These systems are evolving 
continuously, and are subject to directed change by the selection and progressive 
modification of primary elements. Chaos will result, however, especially in the 
economic realm, if development is the consequence of independent planning by 
separate agencies responsible for a particular resource or those responsible for 
different forms of transportation. 

Analytic Models—A community can be conceptualized in two parts. The first 
consists of the sum total of the historical, legal, traditional, psychological, and other 
human forces which influence decisions involving change. The second part com- 
prises the physical content of the city. 

The physical portion includes three types of nodes, places of ‘“‘rest’’ or storage: 
the domicile, place of work, and service node. The abode may be house, apartment, 
trailer, and possibly cemetery for permanent residence. The locus of work may be 
office, factory, field, or elsewhere. The service node includes schools, churches, 
hospitals, markets, government, recreation, and the like. Normally, these nodes 
merge into one another without sharp demarcation. In some cases, they coincide 
at the same point in space. Between these nodal concentrations there are fluxes, 
many forms of movement and communication. The metropolitan region in all its 
complexity could be expressed and examined in terms of such nodes and the trans- 
port functions between them. 

The purpose here is not to formulate a specific model, but only to suggest the 
type of construct which can now be programmed on an electronic computer to 
reveal relationships hitherto indeterminate or even unrecognized because of the 
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time and cost of processing masses of data by office machine. Clearly, a first objec- 
tive of rational planning will be to determine an optimal structure of the city from 
the viewpoint of costs over time, including those of transportation. To achieve this 
in meaningful form for planning will require some analytic simulation relating space, 
time, cost, and function. 

The optimum pattern with reference to costs will not necessarily be the optimum 
pattern all things considered. There are the many human factors to be incor- 
porated—the other half of our conceptual example. Nor is the optimum cost- 
pattern necessarily the most achievable, for some nodes are likely to be too deeply 
fixed even for gradual relocation. Purely rational analysis is limited by definition, 
and must always be adjusted to the forces of history, law, or cultural mores, and to 
the realities of emotional preference and prejudice. But such cost studies will 
undoubtedly tell us more about what we are doing, and perhaps give us pause to 
examine the consequences or best way of directing basic rearrangements now under 
way: the flood tide from country to city, the disappearance of agriculture from 
metropolitan regions, the migration from northern to southern climes, the growth 
of trailer living, or extreme concentrations of population as occurring in Southern 
California. One question must surely be asked: Do the designs of present com- 
munities reflect the increasing mobility of modern man, or will costs become un- 
bearable when the provisions required for this mobility are superposed on the urban 
and suburban patterns as now conceived and executed? 

Dubious Philosophies of Urban Design.—One philosophy of engineering design 
assumes man is moving in completely wrong directions, and should look to the past 
for his ideas and urban forms. What is past is certainly prologue, but copying 
urban forms belonging to historical periods so different from ours in so many funda- 
mental ways is hardly sound or practical. 

Another philosophy of design considers the urban environment of today satis- 
factory because it necessarily reflects the socio-economic forces which brought it 
about. The future city can therefore be designed by the extension and duplication 
of what we now have. It is quite clear, however, that if certain urban variables are 
interdependent, but the laws of their interrelation are unknown, linear extrapola- 
tion can lead to absurd answers. As the population changes and its derivatives in 
time and space change, forces of unrecognized significance may become important 
determinants and entirely ‘new’ factors may be introduced. 

In general, man responds to gradual change, although he often causes and reacts 
positively to catastrophic change. There are those who maintain that the solution 
of the transportation problem will not be provided or accepted until conditions first 
become intolerable. This view assumes the nation and the community can tolerate 
the widespread consequences of transportation chaos. But San Francisco did not 
rebuild itself in more rational form after the disastrous fire of 1906, and the urban 
historian Pierre Lavedan has written convincingly of ‘‘La Loi de la Persistance du 
Plan.” The experience of both world wars shows that when cities are damaged 
severely or destroyed, the emergency needs of shelter and any form of renewed urban 
life and functioning far outweigh the opportunity for the constructive reorganiza- 
tion of the urban pattern. Such times are surcharged with emotion and the basic 
instinctual drives of survival. There is a rush to identify in the rubble the bound- 
aries of property which often represents a last remaining economic resource. 
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The cities which have used catastrophe or chaos to rebuild according to a rationally 
improved urban form can probably be counted on the fingers of one hand. 

Engineering Solutions.—The engineer employs analytical and experimental 
methods to derive solutions to problems posed by society or conceived by him. 
In the analytical method, he constructs an ideal system based on his perception of 
the real, existing system. Until recent times, this ideal conceptualization was 
chosen conservatively because the engineer usually depended on classical examples 
for his logic of solution. The introduction of statistical methods has allowed the 
extension of the ideal system from the deterministic to the stochastic, and the advent 
of the electronic computer permits examination of a range of conceptual systems. 
Actual system behavior can thus be approximated from two directions—the actual 
and the ideal. Whatever the method of solution, the engineer must resort to judg- 
ments based on experience to fill the gap between the predicted behavior of the 
ideal formulation and the actual behavior of the system in being. This contribu- 
tion is the art of engineering. 

Analogy is, of course, one way of applying established solutions to a related 
domain of investigation. Simulation is an important engineering technique, 
whether digital or analog computers are used, or physical models. Experimental 
methods are employed to determine the behavior of a prototype, if one is available 
or is worth constructing because it will be repeated many times—as for example 
a test section of roadway or pipeline. Parenthetically, deciding what constitutes 
an adequate prototype is clearly important. But in this connection, it may be 
observed that millions of dollars are spent for research on the materials and exact 
construction of roadbeds, but little for research relating to the flow characteristics of 
the road when built. Experiment is also a powerful tool when applied to models 
which are comparable to the prototype because they conform to the same differential 
equations, exhibit similar boundary and initial conditions, or can be related by 
scale factors. Ordinarily, a combination of these techniques is most successful. 

Promising predictive results are being attained in transportation by analytical 
methods and computers, using queueing theory, statistical mechanics similar to 
Boltzmann’s approach to quantum theory and energy degradation, shock wave 
propagation, vehicle-following behavior as a dynamic control problem, and various 
simulation techniques. Certain traffic flow situations can be compared meaning- 
fully to the flow system of compressible fluids, and a theory of the flow of discrete 
objects is being developed slowly from circuit and information theory. 

The employment of the computer produces specific numerical results, but these 
can be generalized in several ways: through the generation of dimensionless 
moduli either by differential equations which may not be solvable; dimensional 
analysis; or by dimensionless variables similar to those of thermodynamics, or to 
those of electrical and hydraulic engineering where the ratio of the variable to the 
critical but general magnitude of the same variable is used. 

An ideal system may be defined for a region, metropolitan city, its central core, 
or a community within the city. The computer allows the testing of many nodal 
arrangements in terms of transportation costs. Other concepts of the best spatial 
organization of cities can also be tested, such as those to be found in the literature 
of urban planning. In each instance, however, the system under examination 
must be defined accurately, and its boundary conditions established for all fluxes 
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and their variations in time. Communications and the movement of resources 
such as power, water, or air must be included as well as the transportation of goods 
and people. 

Prototype-testing in the field with the consumer as the experimenter is an honored 
American method, but the performance data required for systems analysis are 
rarely obtained. Only in certain areas of urban development and design are truly 
scientific approaches under way. With the public deeply concerned with the 
rising costs of living and governmental services, the generalized techniques now 
available should be used to develop feasibility studies, functionally economic 
designs, and finally optimum systems of urban organization and operation over time 
from all essential points of view. 

A Requirement of Further Progress.—To make significant progress along the 
lines suggested here, there is need for encouragement, leadership, and monetary 
support at a high level. In particular, an organizational mechanism must be 
formed to sponsor research permitting those most knowledgeable in planning, 
transportation, and urban analysis to apply themselves to the many questions 
still to be answered. Working groups are needed to advance specific techniques 
and the state of the art of systems engineering. 

Since some two thirds of the American people live in metropolitan regions, there 
can be no question of the primary importance of our cities. The essential require- 
ment is a more effective application at the national level of our best minds and 
most understanding personalities to the problems of urban planning and related 
decision-making. 


* An invited presentation at the session on Transportation and Patterns of Living, during the 
Annual Meeting of the National Research Council, National Academy of Sciences, Washington, 
D.C., March 24-26, 1960. 
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SYNTHETIC STERILITY IN DROSOPHILA WILLISTONI* 
By Costas B. Krimpas 


DEPARTMENT OF ZOOLOGY, COLUMBIA UNIVERSITY 


Communicated by Th. Dobzhansky, April 25, 1960 


Viability is the component of fitness which has been given much attention and 
study in natural populations of Drosophila. The influence of homozygosis and 
heterozygosis for ‘“‘wild’’ chromosomes on the viability of the flies has been in- 
vestigated in several species. One of the interesting findings is that some of the 
crossover products of two chromosomes, each permitting normal viability in 
homozygotes, may be semilethal or even lethal when homozygous. Such syn- 
thetic, or recombinational, lethals due to epistatic interactions of blocks of genes 
in the same chromosome, were found by Dobzhansky,' Wallace et al.,? Spassky 
et al.,* Dobzhansky et al.,* Spiess,> and Krimbas* in five different species of Dro- 
sophila. On the other hand, Hildreth” * obtained no synthetic lethals in the X and 
third chromosomes of Drosophila melanogaster, and Gantner* found none in the 
second chromosome of the same species, thus apparently contradicting the result 
of Wallace et al.2 The discrepancy is in part explicable. Synthetic lethals acting 
independently of sex are hardly expected in the X chromosome, since one third 
of the X chromosomes are carried in the population in the males; probably only 
synthetic lethals that would kill homozygous females but not males could be found. 
Gantner studied the crossover products of ‘“‘wild’”? chromosomes and a laboratory 
chromosome bearing several recessive mutant genes. It is known, however, that 


only some chromosomes, or pairs of chromosomes, produce synthetic lethals, and 
the laboratory chromosome used by Gantner was not one of those. The lack of 
synthetic lethals in the third chromosomes in Hildreth’s experiments is not easily 
explicable. Meanwhile, proof of the existence of synthetic lethals has been given 
by Dobzhansky and Spassky"” by ‘desynthesis” of such lethals in Drosophila 


pseudoobscura. 

It is interesting to inquire whether components of fitness other than the viability 
are subject to epistatic gene interaction effects analogous to synthetic lethality. 
Homozygotes for wild chromosomes from Drosophila populations are often sterile 
in females, or in males, or in both sexes. Does synthetic sterility exist? Ten 
second chromosomes yielding subnormal to normal viability in homozygotes were 
selected from the population of D. willistoni from Angra dos Reis, state of Rio 
de Janeiro, Brazil.'' Two of these chromosomes, designated as A and B, produce, 
when homozygous, sterile females and fully fertile males. A third chromosome, 
C, produces fully fertile homozygous females as well as males. 

Intercrossing strains carrying the chromosomes A and B, we obtained six re- 
combination chromosomes, two of which, when made homozygous, caused females 
as well as males to be completely sterile; three made sterile females but fertile 
males; and one, fertile in both sexes. From an intercross involving the chromo- 
somes A and C, six recombination chromosomes were obtained, one of which, when 
homozygous, produced fertile females but sterile males, three gave sterile females; 
and two, fully fertile individuals of both sexes. Sixty chromosomes which were 
crossover products between five different chromosomes giving no sterility when 


832 
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homozygous were also tested. All gave fertile female as well as male homozygotes. 

The observations concerning the chromosomes A and B were confirmed by making 
a new intercross of the respective strains. This time 15 recombination chromo- 
somes were isolated and studied for male fertility. Two of them gave sterile 
males. A re-check of the chromosomes A and B themselves confirmed the pro- 
duction of female sterility but male fertility. It should be noted that in Dro- 
sophila the gene complexes responsible for male and for female sterility are as a rule 


independent. 

The above observations make the existence of synthetic sterility very probable 
but not wholly certain. The difficulty is that the mutation rates for genetically 
conditioned sterility are completely unknown in Drosophila. It would be interest- 
ing to inquire how many of the sterility factors encountered in artificial selection 
experiments are due to point mutations and how many to synthetic sterility. 
Recently, Gibson and Thoday' showed that in a laboratory polymorphic popula- 
tion of D. melanogaster, produced by disruptive selection, recombinational lethals 
were constantly generated. 

The experimental results described above strongly support the idea of an inte- 
grated gene pool, comprising many operationally distinct isoalleles per locus. 


* Dedicated to Professor Th. Dobzhansky on his 60th birthday. 

This work was performed during the tenure of a fellowship from the International Cooperation 
Administration, Project No. 01-101-4006 (EPA-151), administered by the National Academy of 
Sciences. 
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THE GENETIC STRUCTURE OF THE INCOMPATIBILITY FACTORS 
OF SCHIZOPHYLLUM COMMUNE: THE A-FACTOR* 
JoHN R. Raper, Marcery G. Baxter, AND ALBERT H. ELLINGBOE 
DEPARTMENT OF BIOLOGY, HARVARD UNIVERSITY 
Communicated by Ernst Mayr, April 4, 1960 
A specific 2-subunit model was proposed in an earlier paper for the A incompati- 
bility factor of Schizophyllum commune, a species that typifies the bifactorial in- 


compatibility system (tetrapolar sexuality) common in the hymenomycetous 
fungi.' A preliminary study, reported at the same time, also indicated the same 
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basic 2-subunit structure for the B incompatibility factor. The detailed examina- 
tion of a sizable sample of A factors has revealed no exception to the 2-subunit 
model, whereas further analysis of the B factor has revealed a more complex con- 
stitution than that originally postulated. 

The present paper details the results of work designed to test the adequacy of 
the model of the A factor previously proposed and examines the broader genetical 
aspects of this character. A comparable analysis of the B factor is in progress and 
will be reported later. 

Materials and Methods.—The materials used in this study have been drawn from 
the world-wide sample of homokaryotic strains of S. commune that was previously 
used for a survey of the number and distribution of incompatibility factors in the 
natural population.? The basic experimental procedures of culture, mating, col- 
lection of progeny, and identification of parental and recombinant incompatibility 
factors have been continued as previously described. In addition, three markers 
linked to the A factor have been used: dome minor (dm) and streak (st), morphologi- 
cal mutations induced by X-rays and UV, respectively, and para-aminobenzoic acid- 
less (pab), a biochemical mutation induced by UV. All samples of progeny were 
collected at 33°C except as noted. 

Experimental Results.—Experimentation relating to the genetics of the A factor 
has been directed toward three somewhat different objectives: (1) analysis of 
intra-A factor recombination in relation to outside markers, (2) an extension of the 
original survey of specificities of the two subunit components of the A factor, and 
(3) a search for reciprocally constituted “identical”? A factors. In the following 
account, the results will be presented in this order, and, for convenience and greater 
simplicity, the B factor will be disregarded throughout. 

1. Intra-A recombination and outside markers: Two experiments have been 
conducted that involve the A factor and outside markers. The first of these experi- 
ments was designed specifically to locate and map the two subunits of the A factor 
with respect to the centromere and to the linked outside markers; the second, to 
locate precisely the pab locus, which had invariably segregated with the A factor 
in an extended series of backcrosses. 

(a) Arandom sample of 405 monosporous progeny of the cross, 


st dm+ At!, X stt dm A's, 


was isolated from a fruit body held at 33°C for 16 hours prior to the collection of 
spores. When they were a week old, the progeny were scored for morphology and 
mating type. The distribution of the progeny in the 16 possible recombinant 


classes was as follows: 


Total 

st*+ dm : ¢ 149 
st dm* 2 ; 165 
st dm - ¢ 51 
st* dm* 36 : 40 
Total 2 ’ ya 405 


* Double cross-overs. 
+t Triple cross-overs, 
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These data, summed for recombinant classes for each pair of loci in the sample of 
405, indicate the following map distances: 


No. recombinants Map distance 
st vs dm ¢ 22.5 
st V8 4 ¢ 30.4* 
st vs / 5f 423..77 
dm vs « 3f 8.6 
dm vs « 20. 3° 
Aa VS # f 12.3 


* Including double cross-overs. 


These four loci thus lie in the order: st - - --dm----A,----Ag. The two subunits 
will henceforth be designated A,, proximal to dm and to the centromere, and Ag, 
and the specificities of the two subunits comprising the A factor will be noted in 
the order A,-2, €.g., Aj-22. It should be noted that A, and Ag specificities are 
given in two independent series, which, so far as is now known, are distinct (see 
below). 

The location of the centromere with reference to st and the A factor was earlier 
established through tetrad analysis by Papazian,’ who reported the order and map 
distances: cent--8--st--22--A factor. The map distances in the two cases are not 
directly comparable, however, as the two analyses were made at different tempera- 
tures (33°C in the present case versus 23°C in the Papazian analysis) and with dif- 
ferent strains. Both of these factors have been shown to result in wide variation 
in the frequency of recombination in at least one portion of this chromosomal seg- 
ment, i.e., between A, and Ag.' 

The present analysis shows significant interference in the region of the A factor, 
with only 2.2 per cent (°/45) double crossovers occurring in the 42.7-unit seg- 
ment. The ratio of observed and expected double crossovers and the coefficient of 
coincidence, respectively, for each of the three pairs of segments are: st-dm and dm- 
Aq, 7/3 = 0.25; dm-A, and A,-Ag, '/, = 0.25; and st-dm and A,-Ag, °®/y = 0.55. 

(b) Among a number of recently induced biochemical mutations that have been 
introduced by backcrossing into the background genome of a single wild-type strain, 
A*'B*! (4699), a deficiency for para-aminobenzoic acid segregated with the non- 
parental A factor (A*') in no single case among 239 progeny tested. It accordingly 
appeared that pab was located between A, and Ag, or at least to be very closely 
linked externally to one or the other of the two subunits of the A factor. The more 
exact location of pab has now been determined. 

A single pab strain, A®B*pab, was crossed with three prototrophic strains each 
carrying the morphological mutation dome minor. Spores were collected at 23°C 
from each of the three crosses and were thinly and uniformly streaked upon minimal 
medium. Counts of morphologically wild progeny (recombinants between dmt+ 
and pab*) and of mutant progeny (parental dm) were made macroscopically one 
week after streaking. The counts were as follows: 


Wild Recombination, 
Crom Sample (pab *dm*) % 


A$-22 pab dm* XK Afi, pab* dm 796 36 4.52 


l 2 
2 A$. pab dm* X Ail. pab* dm 576 26 4.51 
3 2 pab dm* X A}-1» pab*t dm 460 21 4.56 


6 
41g 


Samples of 111 and 99 wild-type homokaryons (dm+pab+) of crosses 1 and 2, 
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respectively, were isolated and screened for A factors with the following results: 


-——_——_—_——-A Factor, pab*tdm* Progeny———_—— — Recombination, 
Cross Sample Parental Recombinant % 


i 111 104 Af, 0 ASos 9 Ag-1 0 Aj-ss 8.1 
2 99 91 A$. 0 A$-2 8 Ao-2 or Az-22 8.08 
The results of cross 1 provide strong evidence for the location of pab between A, 
and Ag and closely linked to A, at a map distance of (0.045 & 0.081)100 = 0.36 
cross-over units. 

This position of pab has been confirmed in two additional crosses as follows: 


Fee pab* X Aso pab ~> 91 Aq}; pab*, 106 Aso pab (82.4%) 
18 A, 29 pab*, 24 Ag 1 pab (17.6%) 
Aj-22 pab+ X Ag, pab -> in a sample of 618 progeny, 19 A f!,pab+, 1 Aj!, pab 


(assuming equal numbers for the unscored reciprocal classes, recombination A,- 
Ag, 6.5 per cent; A,g-pab, 0.32 per cent). 

From all available data, the chromosomal segment extending from the centro- 
mere through the two components of the A factor may thus be represented: 
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The data from these various sources are in complete agreement regarding the 
order of the loci involved, although there is considerable variation in recombination 
frequencies. This is particularly true of the segment A,—Ag. Recombination 
data included here for this segment were taken from crosses between four different 
pairs of A factors and the wide variation is consistent with previous observations 
of 0.9-14.5% intra-A factor recombination at 23°C in crosses involving unrelated 
genomes! (cf. Table 1 for comparable variation at 33°C). 

2. Survey of subunit specificities: The relative location of A, and Ag and the 
sasy identification of A, by the associated marker dm have greatly facilitated the 
recognition of subunit specificities and the determination of the subunit constitution 
of A factors. In the original exposition of the 2-subunit model, the assignment of 
subunit specificities was arbitrary to the extent that all subunit repeats were as- 
sumed to be at the same subunit “locus.’’ This later was found to be the case: all 
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Intra-A Factor RECOMBINATION AND SUBUNIT COMPOSITION OF NaTIVE A Factors 
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duplications present in the original sample of 12 A factors proved to occur in the A, 
subunit (Table la, crosses 1-12). Following the determination of the exact subunit 
composition of the 12 A factors of the original sample, the study was extended by 
the analysis of an additional 14 randomly chosen A factors. 

This analysis was made as in the previous work: a single A factor, again A{}), 
was crossed with each additional A factor, the progeny of each cross were screened 
for recombinant A factors, and the recombinant classes of A factors were differen- 
tiated. In each of these crosses, dome minor, introduced via the common parent, 
was used to identify the recombinant class carrying A, contributed by the common 
parent. A representative of each recombinant class was then mated with all other 
recombinant classes of this and of the original sample of 12 factors to identify re- 
peats of specific Ag and Ag subunits. The specific subunit composition of 26 ran- 
dom, interfertile A factors has thus been established. From these 26 A factors, 
9 A, specificities and 19 Ag specificities have been identified. Data relating to the 
different crosses—sample size, frequency of intra-factor recombination, and the 
identification of subunit specificities—are presented in Table la, crosses 1-26. 

A further addition of 6 random A factors has been added to this sample by one 
portion of the study described below. .In this, 6 pairs of identical factors collected 
from nature were each crossed with A?',, and the two common classes of recombin- 
ant A factors from each pair of crosses were tested with all classes of A factor re- 
combinants of the previous sample of 26 crosses and with the recombinant classes 
of the other five pairs of this set. (Selection of the factors analysed here was pre- 
dicated solely on the fact of factor duplication; only one member of each pair can 
thus be considered as randomly chosen.) Among these 6 newly analyzed A fac- 
tors, no new A,’s and five new Ag’s yield for the total sample of 32 A factors 9 A,’s 
and 25 A,’s. Data relating to the 12 crosses of this set are given in Table 1a, 
crosses 27-38. 

3. Search for reciprocally constituted A factors: The previous paper on the struc- 
ture of the incompatibility factors emphasized the fact that two A factors are fully 
compatible when they are heterozygous for either subunit or for both subunits. 
There is thus no apparent physiological differentiation between the two subunits, 
and it was suggested that, since the two subunits seem to perform the same function, 
one subunit might represent a duplication of the other. If this were the case, iden- 
tical specificities might be expected to occur at the A, and the Ag “‘loci.”’ 

In a recent paper, Day and Holliday‘ have presented a genetic means to test for 
such suspected, shared subunit specificities. This test may be briefly summarized 
as follows (with a minor modification of notation to designate subunit specificities 
regardless of position, i.e., occurrence as A, or Ag): 

A,_» should be incompatible with A,_,, but the two factors A,» and A,_, should 
yield different pairs of recombinant classes of A factors when crossed with a common 
mate: 


Bs Ans 
x 
Ap a x a Benalla” 9 Ap- d 


| 


1,» ~> Aa_», As_a—only one phenotypically recognizable recombinant 
class 


Ac_d 
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The authors of this scheme further point to the numerous pairs of identical factors, 
often collected from widely separated locations, listed in our earlier survey on the 
number and distribution of incompatibility factors in S. commune? as a most likely 
source of reciprocally constituted, incompatible factors. 

These materials are still available, and all known A factors repeated twice (17) 
and three times (3) have now been tested for reciprocal constitution. In respect 
to the most efficient means of testing, these 20 cases belong to three categories. 
These categories and their corresponding model-tests follow: 

(a) Nine native (collected from nature) A factors are incompatible with re- 
combinant factors of known subunit constitution (Table la). The unknown factor 
was crossed with the reciprocal recombinant class of its twin, and the progeny were 
screened for the occurrence of Aj!, (Table 1b, crosses 39-47): 

A™ = A; A™ X A;-5 — Afi, (A#5). 


om ae : 5 , 7 3 
Since A*! is incompatible with A3_;, any constitution other than A3', should not 


yield Aj'). 

(b) Eight native factors are incompatible with other native factors of known 
constitution. In each of these cases, the unknown factor was crossed with a factor 
of known constitution that was chosen to yield by recombination another known 
factor. The latter was then used as a screening tester (Table 1b, crosses 48-55): 


A* = Ai*;3 A* xX Af; — Aj, (Ao-is). 


(c) Six pairs of incompatible factors were of unknown composition. Each of 
the unknown factors was crossed with Aj!,, and the recombinant progeny of the 
two crosses of each pair were cross-mated to establish or refute their identities 
(Table la, crosses 27-38). 

In each of the 17 cases of a and b, the specifically predicted A factor was recov- 
ered; in each of the six pairs of factors in c, two identical recombinant classes oc- 
curred in the two crosses. These results thus give no evidence of identical specifici- 
ties that may be shared by the two subunit “loci.” 

Discussion.—From the evidence presented here, intra-A factor recombination 
appears to be entirely regular in all respects, including the behavior of external 
markers and of the single internal marker identified to date. The eventual exten- 
sion of the analysis of the A factor to the level of its component subunits would thus 
appear to present no unusual problems (see below). 

In respect to recombination, perhaps the only unusual feature of the A factor is 
its apparently variable map length, the observed limits of which are 0.9 per cent 
and 17.6 per cent at 23°C and 3.3 per cent and 22.6 per cent at 33°C. That the 
frequency of intra-A factor recombination is not determined by the A factor itself 
(more accurately, the specific pair of A factors in a given cross) is indicated by the 
marked disparity of recombination in the two crosses in each of three of the six 
pairs listed in Table la, crosses 27-38, where the paired A factors were shown to be 
identical. Furthermore, as judged by preliminary results (unpublished), such dis- 
parity tends to disappear in backcrosses in which the A factors involved are brought 
into a common genetic background. The frequency of recombination within the A 
factor thus probably reflects an effect of the background genomes. Comparably 
striking variation has not been observed in other regions; the available data are 
not extensive, however, and the phenomenon deserves more adequate analysis. 
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The constitution of the A factor, however, has emerged from these studies with 
gratifying distinctiveness. The sample of distinct A factors that has been analyzed 
is sufficient (a) to establish the asymmetry of the factor in respect to the number of 
specificities of each of its component subunits and (b) to provide convincing evidence 
of only the two subunits previously postulated. 

Based on the subunit constitution of the 32 randomly chosen A factors, the pro- 
jection of the present data to the natural population has been made by the formula- 
tion developed by Wright‘ and Stevens* that was used to estimate the number of A 
and B factors in S. commune.” In the sample of 32 factors, A,’s and Ag’s occurred 
in the following frequencies: 

Once y 3X 4x 
Aa y 2 2 . l 
Ag 20 0) 1 0 
There were thus 53 repeats among the A,’s and 10 among the A,’s. The estimated 
number of specificities of the two subunits in the natural population is therefore: 
Aq series: 1/na, = 53/496 with 5% limits of 39.1/496 and 68.0/496 
na, = 9 with 5% limits of 13 and 7, 
Ag series’ 1 ‘Nag = 10/496 with 5% limits of 5.45/496 and 15.4/496 
nag = 50 with 5% limits of 91 and 32. 


Since each unique combination of a specific A, and a specific Ag determines an A 
factor specificity, these results predict a somewhat higher number of A factors in 
the natural population than the 339 (5% limits, 217 and 562) indicated in the pre- 


vious survey of A factors per se. The discrepancy between the two estimates, 
however, is of very doubtful significance. 

The significance of the marked numerical disparity of A, and Ag specificities is 
obscure, although it may ultimately have meaning in terms of the origin and biology 
of the incompatibility system. 

A total of 55 distinct native A factors (the 32 used in the subunit survey plus 14 
duplicates of these and 9 duplicates of recombinant factors of known constitution) 
and 30 distinct recombinant A factors have been examined in this study. That no 
single exception to the two-subunit structure of the A factor has been discovered in 
a sample of this size strongly indicates that only two subunits exist. There remains, 
however, the remote possibility that additional subunit(s) occupied by specificities 
of extreme rarity may still be found. 

In view of the earlier indication of completely random distribution of A and B 
factors in respect to location and climate, it seemed of some interest to examine the 
distribution of A, and Ag specificities. The sample for this analysis comprises the 
55 native A factors for which the subunit constitution is known. The use of the 23 
native repeats of native or recombinant factors is justified by the fact that they 
were selected without regard to origin. The origins and subunit constitutions of all 
55 native factors are given in Table la and 1b. 

A comparison of subunit repeats in intra- and interregional contrasts has been 
made as in the previous study for A and B factors.* Five regions were again used 
for the comparison: (1) United States and Southern Canada, (2) Central and South 
America, (3) Europe, (4) Africa, and (5) Southeast Asia and Australia. The results 
of this comparison may be summarized: 
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A Ag 


a 
Pairings repeats Freq. repeats Freq. 


Intraregional 382 58 0.152 17 0.045 
Interregional 1103 138 0.125 38 0.034 
Total 1485 196 0.132 55 0.037 
The Chi Square test applied to these data (assuming equal frequency of repeats in 
intra- and interregional pairings) give values of X? = 1.7, P = 0.2 for A,, and 
X? = 0.86, P = 0.35 for Ag. These results thus indicate a random distribution of 
A factor subunit specificities in the world-wide natural population. 

It is somewhat disappointing that the search for reciprocally constituted A factors 
proved to be unsuccessful. The failure to find pairs of factors that are pheno- 
typically identical and genotypically distinct, however, only indicates with reason- 
‘able assurance that not all A, specificities are shared with the Ag “‘locus.”” Assum- 
ing all nine A,’s to occur among the estimated 50 A,’s and the number of pheno- 
typically distinct A factors to be 339, the probability of finding at least one recipro- 
‘ally constituted pair of A factors in the 23 trials of the present test is only 0.90. 
The exhaustion of the available sample of paired identical A factors thus clearly 
falls far short of the sample needed to provide significant results for any smaller 
number of shared specificities. For five and two shared specificities, for example, 
102 and 1,001 trials, respectively, would be required to achieve a 5 per cent level of 
significance. Nevertheless, the duplication of a single “locus’’ remains a likely 
reason for the apparent functional identity of the A, and Ag subunits. A compar- 
able similarity has been demonstrated for the subunits of the B factor, and it is 
hoped that a similar analysis may eventually be made for the B factor when the de- 
tails of its structure have been determined. Specific B factors are far fewer (64 
with 5% limits of 53 and 79),? the specificities per subunit must be correspondingly 
fewer, and a much larger number of phenotypically identical sets are available for 
study. The B factor may therefore be a far more favorable system for study than 
that examined here. 

The findings reported here shed no light on a final point of interest regarding the 
genetic structure of the A factor: the nature of the subunit. In all of the crosses 
examined in this study, there have appeared no recombinant progeny that did not 
represent simple exchange of subunits. The total sample among which all recom- 
binant progeny have been identified was 5,812; this sample is sufficiently large to 
reveal most inter-locus recombination, but almost certainly would not reveal intra- 
locus recombination. Such an analysis is practical for the A, subunit with the 
selective markers now available; dm and pab bracket A, and are linked at a map 
distance of 4.5 cross over units. Wild progeny of a cross that is heterozygous for 
dm, pab, and A, and homozygous for Ag are now being collected and screened for 
recognizable recombinants; a comparable sample of 5,812 would thus detect intra- 
subunit recombination that might occur in a frequency of slightly less than 10-. 
This task would of course be greatly facilitated by,a more closely linked marker than 
dm, but none has yet been found. The search for markers associated with all sub- 
units of the A and B factors is continuing and will be intensified in future work. 


* This work has been supported by grants from the National Institutes of Health, U. S. Public 
Health Service (C-2221) and the National Science Foundation (G-6177). 
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CYTOLOGICAL AND PHYLOGENETIC RELATIONSHIPS IN 
THE REPLETA GROUP OF THE GENUS DROSOPHILA* 


By Marvin WASSERMAN 
GENETICS FOUNDATION, DEPARTMENT OF ZOOLOGY, THE UNIVERSITY OF TEXAS 
Communicated by J. T. Patterson, April 6, 1960 


A little more than two decades ago the geneticists at The University of Texas, 
under the supervision of Professor J. T. Patterson, undertook an extensive study of 
evolution in the genus Drosophila with special emphasis on the Nearctic and Mexi- 
can forms. A wealth of information was obtained culminating in the publication 
of a book by the two principal researchers (Patterson and Stone!) in which the 
factors responsible for the success of this genus, presently estimated by Wheeler 
to contain 1500 species, were enumerated and comparisons were made to other 
groups of organisms. More recently under the direction of Professors W. S. Stone 
and M. R. Wheeler, this work has been continued and extensive collections have 
been made in the Neotropical Region. 

Sturtevant and Dobzhansky”’ proved that paracentric inversions as seen in the 
salivary gland chromosomes are reliable characters for demonstrating phylogenetic 
relationships. We have used this method to determine affinities within the repleta 
group which is the largest in the genus. A series of papers (Wasserman,* Wasser- 
man and Wilson,‘ and Wasserman’) give complete details on the cytology, genetics, 
and morphology of the species examined. Of the sixty-eight known species in the 
group, relationships have been determined for forty-six, fourteen of which will be 
described in Wasserman® and are here specified by species A through species N. 
As our standard gene sequence for the species group we have chosen that of D. 
repleta (Wharton), a cosmopolitan species which is not known to vary cytologi- 
cally. Each inversion found was labeled using two characters: the first, a number, 
denoting the particular chromosome involved, and the second, a letter, specifying 
the inversion; the inversions being named in the order of discovery. Since 103 
inversions were found in the second chromosome, the alphabet was run through 
several times using superscripts, resulting in the last inversion being recorded as 
2k°. There is no relationship implied among 2k, 2k?, 2k’, ete. Centric fusions 
are designated by the numbers of the two chromosomes involved, followed by F 
e.g., 3-4F). ; 

As a general rule few inversional differences between species were found, which 
simplified analysis and made this work possible. Although it is necessary to base 
the relationships upon independent segregating inversions, this does not detract 
from the accuracy of the analysis. In fact the segregation of inversions presents a 


clue to the process of speciation in these forms. 
Phylogenetic Relationships.—The repleta group evolved in the New World, only 
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Fic. 1.—Phylogenetic relationships among 51 species in the genus Drosophila, showing the 
affinities among the canalinea and the dreyfusi species groups, D. casianea, and the five subgroups 
and D. peninsularis in the repleta group. Arrows indicate proposed direction of evolution. 


six species including the cosmopolitan D. repleta and D. hydei being present else- 
where. Two of these, D. buzzatii and D. mercatorum, are found in the New World, 
the former also occurring in Europe, the Middle East, and Australia, and the latter 
having reached the Hawaiian Islands. The remaining two, D. poecilithorax and 
D. obsoleta, have been described from Australia. Patterson and Wheeler’ have 
suggested that these last four are New World species in origin and have been 
transported to other regions along with the cacti with which they are closely asso- 
ciated. 

The repleta species group has been subdivided into four subgroups: the mela- 
nopalpa, the mercatorum, the hydei, and the mulleri subgroups (Patterson and 
Stone'). These species, being predominantly desert forms, are concentrated in 
Mexico and Southwestern United States. Further collections in the relatively 
unsampled Neotropical Region led to the discovery of a forest-inhabiting subgroup, 
the fasciola subgroup. ‘The four original subgroups were defined using morpho- 
logical and genetic characters (see especially Wheeler’). Our cytological studies 
have confirmed the classification demonstrating the reliability of the characters 
used. In only one case do we differ: D. peninsularis had been assigned to the 
mulleri subgroup. Although this species is morphologically typical of this sub- 
group, our cytological evidence, Figure 1, demonstrates that this species should be 
removed from the mulleri subgroup. 

Figure 1 shows the over-all relationships among the five subgroups plus D. penin- 
sularis of the repleta group, D. castanea, and the canalinea and dreyfusi species 
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Fic. 2.—Relationships among the mercatorum and the melanopalpa subgroups and D. peninsu- 
laris and the nonrepleta species D. castanea. D. neorepleta, D. canapalpa, and D. melanopalpa are 
shown to have evolved from a single polytypic species. In this and the following figures, the 
standard arrangement of each species is the sum of all homozygous inversions leading out from the 
primitive. Heterozygous inversions which occur with the standard are indicated by the inversion 
shown over a plus sign. 


groups—a total of 51 species. The subgroups have not diverged from a single 
cytological type, but rather have branched off at various points on the phylogenetic 
tree. Using the repleta data exclusively, it is impossible for us to determine the 
ancestral sequence. Inversions show relationships but not direction of evolution. 
The primitive karyotype is undoubtedly five pairs of rods and one pair of dots. 
However, any of the euchromatic sequences now present, or the intermediate forms 
either extinct or as yet unknown, could theoretically have been the ancestral type. 
The only way to determine the ancestor would be a comparison with the more 
primitive species groups. Although in some instances chromosome homologies can 
be readily determined, cytological changes in most cases are too numerous for an 
attempt to determine chromosome evolution between groups at this time. How- 
ever, the canalinea and the dreyfusi species groups have been analyzed with a cer- 
tain degree of success. These two species groups being limited to the Neotropical 
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Region may have evolved from the repleta group rather than being more primitive. 
Cytologically, they both split off together from the repleta group through the Xa, 
Xb, Xc, 2a, 3b ancestor (Fig. 1). This sequence is therefore either older than these 
two species groups (if the repleta group is primitive) or the primitive sequence of the 
repleta group (if they are primitive). D. castanea, a species close to the repleta 
group and probably a derived form, also evolved from this ancestor, Figure 1. 
Within the repleta group, D. repleta of the melanopalpa subgroup and D. hydez, being 
cosmopolitan, are probably old species. The Xa, Xb, Xc, 2a, 2b, 3b sequence is 
intermediate between these two species and is therefore more primitive than one if 
not both of their sequences. In view of the above factors, the Xa, Xb, Xc, 2a, 2b, 
3b sequence will be considered the primitive gene sequence for the repleta group. 
Fortunately, even if this proves to be incorrect, only a few minor directional changes 
would be necessary in the phylogenetic trees. There would be little or no change in 
our discussion and conclusions. 

Figures 2-6 give a more detailed cytological analysis of the relationships among 
the species studied. The bulk of the information is given in Wasserman. A 
brief account will be given here. 

Figure 2 shows the relationships among the melanopalpa and mercatorum sub- 
groups, and D. peninsularis and D. castanea. The ancestor of the mercatorum 
subgroup was polymorphic for two arrangements, 3g and 2v*. The 3g arrange- 
ment has remained heterozygous in the two representatives of this species group, 
D. mercatorum and D. paranaensis. The 2v*, heterozygous in mercatorum has been 
fixed in paranaensis. Both species show polytypic variation. In mercatorum two 
subspecies have been described which differ markedly in the cytological structure 
of their populations. The populations of the Brazilian and Bolivian subspecies, 
D. mercatorum pararepleta are quite polymorphic, having both primitive and ad- 
vanced sequences. The subspecies, D. mercatorum mercatorum, present in the 
South American Andes and north into the United States has very little chromosomal 
variability. All of these populations are homozygous for the newer 3h and 2v? 
sequences. D. paranaensis can be divided into three major geographical popu- 
lations which differ in the size and shape of the heterochromatic dot element of the 
metaphase chromosomes. The geographical limits of these populations are not 
known. 

The melanopalpa subgroup has two main branches. The ancestor of the ful- 
vimacula complex was heterozygous: inversion 2/? has remained heterozygous in 
D. fulvimacula but has been fixed in D. fulvimaculoides. In the other stem, D. 
neorepleta, D. melanopalpa, and D. canapalpa share three inversions, 27°, 2k°, and 
5p, the latter inversion being heterozygous in melanopalpa and canapalpa (Ward 
and Stone’). A possible explanation for the sharing of the inversions by different 
species will be presented below. 

The hydei subgroup, Figure 3, is remarkable in that only one inversion, 2z, has 
been fixed as an interspecific difference among the five species examined. D. 
bifurca and D. nigrohydei have as their standard the Xa, Xb, Xc, 2a, 2b, 3b sequence 
which we have taken as the primitive of the whole repleta group. D. hydei, D. 
species A, and D. species B are each homozygous for the 2z inversion. Each of 
these five species, is polymorphic for its own inversions. The major cytological 
evolution of this subgroup has been the addition of heterochromatin to the sex 
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Fic. 3.—Metaphase karyotypes of seven species in the hydei subgroup. All inversions, except 
Xm found in D. species B, occur in the second chromosome. The 2z sequence is the only inversion 
fixed among the five species examined in this study (see text). 
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Fig. 4.—-Cytological relationships among ten species in the mulleri subgroup. 


chromosomes and the dots. These five species plus D. hydeoides (Wharton") 
and D. novemaristata (Dobzhansky and Pavan!') show specificity in their metaphase 
karyotypes (Fig. 3). The metaphase evidence indicates a step-wise addition of 
heterochromatin from D. species A to D. species B to hydei, the three species which 
are homozygous for 2z. We assume that this indicates a phyletic line because al- 
though heterochromatic differences in karyotype are generally not reliable char- 
acters, in this situation they parallel and supplement the morphological and genetic 
information which shows that hydet and species B are very closely related special- 
ized members of this subgroup. In view of the interspecific differences mentioned 
above it is worth noting that intraspecific variation in metaphase chromosomes 
have been found in bifurca (Wharton!? and Ward'*) and hydez. 

Figure 4 shows the relationships among ten members of the mulleri subgroup. 
The meridiana complex with its three species, D. meridiana, D. species C, and D. 
species D, has as its basic sequence the primitive type and is indistinguishable from 
the standard found in bifurca and nigrohydei of the hydei subgroup. All of the 
meridiana forms differ from the primitive in having a fusion between the 3rd and 4th 
chromosomes, indicated 3-4F in Figure 4. The subspecies D. meridiana meridiana 
is reported to lack this fusion (Wharton'*) and therefore to have the primitive 
chromosome type. Previously polymorphism in meridiana was unknown; seven 
strains (six localities) of m. rioenszs (our data) and 21 strains (ten localities) of m. 
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Fia. 5.—Phylogenetic relationships among 12 species in the mulleri complex and the ancestor of 
the fasciola subgroup, which are shown to have evolved from a large, cytologically polytypic spe- 
cies. The point of separation of the fasciola subgroup is unknown. 











meridiana (Wharters!*) were each homozygous for the same sequence. One locality 
was recently found to be polymorphic for 2w‘. 

A pair of morphologically very dissimilar species, D. buzzatit and D. species E, 
proved to be cytologically related in a very interesting manner (Fig. 4). The stand- 
ard sequence of D. species E is the primitive plus 2x*. In our strain this standard 
is present along with a chromosome with 2k, 2b, and 2c’. In buzzatit, the 2x* and 
2k sequences have been fixed as have the inversions 2w* and 5g. D. buzzati is 
polymorphic for additional inversions, one of which, 27, has been found in Lebanon, 
Australia, and South America. 

Figure 5 gives the evolutionary picture of 12 species in the mulleri subgroup. 
These species have been combined into the mulleri complex because six inversions 
have segregated out among these species in such a way that a simple evolutionary 
history of divergence of populations is not possible. The same phenomenon is 
reported above in the neorepleta-melanopalpa-canapalpa trio of species. We will 
discuss this phenomenon at length below. One of the populations, G, gave rise to 
the fasciola subgroup whose phylogeny is detailed in Figure 6. 
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Fia. 6.—Cytological evolution within the fasciola subgroup. 


The fasciola subgroup, nine species, arose as a branch from the mulleri complex 
with which it shares one inversion, 3c. The original population must have main- 
tained heterozygosity for 3c during the period in which the 207, 2e*, and 2/? ar- 
rangements were fixed. One species, D. fulvalineata, arose from a population which 
either lacked or lost the 3c. In the others the 3c became homozygous. Of interest 
are the two forms, D. species J and D. species K which seem to be good species 
although our limited sampling indicates that they may be allopatric. Both species 
have the same basic sequence and have maintained polymorphism for the same 
inversion, 2n’*. 

General Considerations.—The cytological data are direct information relating to 
the evolution of the repleta group. The over-all cytological picture demonstrates 
the changes that have taken place through time as the species evolved. Speci- 
ation has played a major role in this evolution, as the repleta group is the largest in 
the genus. It is desirable to attempt to determine why this is so and what role the 
inversions have played. 

Patterson and Stone! discussed the cytological evolution of the genus Drosophila. 
More recently, Stone and Stone et al.'* reviewed the evolution of the virilis group, 
comparing it with the repleta group and many other species groups in ee genus. 
The virilis group is the only other large species group where extensive phylogenetic 
relationships have been obtained. We might add a few details not available at 
that time. There have been 144 inversions involved in the evolution of the repleta 





850 GENETICS: M. WASSERMAN Proc. N. A. S. 
group as compared to 92 in the virilis group, Table 1. Both are underestimations 
even in the strains examined due to the difficulties in working with the X chromo- 
some of both the virilis group, where Stone et al.'* estimated there were at least 
another 20 homozygous inversions, and the fasciola subgroup in which about six 
homozygous unrecorded inversions occurred. The total number, therefore, should 
be approximately 150 inversions among 46 species in the repleta group compared to 
112 among 9 species in the virilis group. 

An examination of the specific cytological composition of the repleta species 
shows that with one exception (the D. mulleri-D. aldrichi-D. wheeleri trio of species) 
ach of the species examined was cytologically unique either for gene arrangements, 
chromosome polymorphism or metaphase karyotype. Except for a few instances 
where it seemed applicable, the metaphase karyotype has been omitted from this 
Only 21 of the 46 species were found to be variable in their gene sequences. 
Among the 


paper. 
Part of this is undoubtedly due to insufficient sampling of the species. 
homozygous species we have sampled only one locality for 11 species: D. neorepleta, 


TABLE 1 
DISTRIBUTION AND CLASSIFICATION OF INVERSIONS FOUND IN THE VIRILIS 
AND REPLETA SPEciES GROUPS 


Column 1 2 5 6 


Melanopalpa subgroup 
Mercatorum subgroup 
D. peninsularis 

Hydei subgroup 
Mulleri subgroup 
Fasciola subgroup 
Inter-subgroup 

Total 


Homo- 
zygous 
Inter- 
specific 

12 

6 

l 

lL 

43 

15 
5 

83 

(6)* 


No. of 


Species 


Homo- 
zygous 


Shared 


Hetero- 
zygous 
+ 
Homo- 
zygous 
1 
l 
0 
0 
3 
0 
0 


- 


oO 


5 
Hetero- 
zygous 
Inter- 
specific 
| 
l 
0) 
0 


Hetero- 

zygous 
Intra- 
specific 

0 

8 

0 

8 

20 

9 

0 

45 


Total 
16 
16 

1 
9 
72 
25 
5 
144 
(150) 


92 


Virilis group 35 8§ 
(112) 


(20)* 
* Additional inversions estimated. 

+ Inversion 3c included within both mulleri and fasciola subgroups. 

t Inversions Xa, Xb, Xc, 2a, 2. 

§ Inversion 4h included in both categories (see Stone et al.'*). 

D. limensis, D. fulvalineata, D. anceps, D. stalkeri, D. mojavensis, D. wheeleri, D- 
species C, D. species D, D. species F and D. species L; two localities for D. ritae and 
D. species M; three localities for D. fasciola and D. fulvimaculoides; four for D. 
aldrichi; five for D. arizonensis; seven for D. mulleri; eight for D. repleta; and 
18 for D. peninsvlaris. Although many of these species will undoubtedly prove to 
be polymorphic, peninsularis, repleta, mulleri and aldrichi, which were sampled from 
practically their whole known ranges, are most probably truly monomorphic 
cytologically. 

Among the species known to be polymorphic, there is an asymmetric distri- 
bution toward a minimum number of sequences present: 11 species have only one 
heterozygous inversion; six species have two; five species have three; three 
species have four; and one species has seven heterozygous inversions. Several of 
these species have been sampled quite extensively. Table 1 shows an average of 
about two unique arrangements fixed (col. 2) and one unique inversion heterozygous 


(col. 6) per repleta species. Columns 3 to 5 list inversions which cannot be easily 
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categorized in that they may be homozygous but shared by several species (col. 3), 
or heterozygous in one or more species and homozygous in others (col. 4), or het- 
erozygous in more than one species (col. 5). These data, although only approx- 
imations, emphasize the fact that the cytological evolution involving paracentric 
inversions has been extremely conservative in relation to the rate of speciation in 


this group. 

The average number of inversions per species in the virilis group is higher than 
that of the repleta group. In Table 1, this is exaggerated since one species, D. 
montana contributes a majority of the heterozygous inversions (29) included in 
column 6. According to Stone et al.'* one of the major reasons for the inability to 
obtain comparable information for other species groups is the presence of a large 
number of homozygous interspecific differences. Intermediate forms have not been 
found and probably do not exist. Since many of the species in these groups are 
highly polymorphic (Stone), much of the interspecific differences may be attrib- 
uted to inversion fixation resulting from the replacement of old polymorphic sys- 
tems by newer ones as the species evolves through time in a changing environment. 

We cannot relate inversions with time. Old sequences have remained polymor- 
phic in some forms long after they and newer sequences have become homozygous 
in other species. [For example, the 2/? sequence which must have been heterozy- 
gous in the ancestral population, is still heterozygous in D. fulvimacula. This se- 
quence and also the newer 2a’ which overlaps it, have become homozygous in D. 
fulvimaculoides. Several examples have been enumerated where ancestral poly- 
morphism has been maintained in more than one of the derived species. In view 
of this it appears highly significant that by the use of only the 144 detectable 
paracentric inversions only three species are indistinguishable among the 46 species 
studied. Paracentric inversions must have been important in the specialization of 
isolated populations and contributed toward species formation in the repleta 
group. Other cytological characters such as chromosome fusions and the addition 
and/or deletions of heterochromatin as seen in the metaphase chromosomes allow 
us to make more reliable specific identification. ‘These undoubtedly were also 
important in speciation in the group. Only one pericentric inversion has been re- 
ported in this species group. Wharton found a strain of bifurca which was poly- 
morphic for a pericentric inversion in the X chromosome (Ward'*). 

An examination of our data shows that the inversions are not randomly distrib- 
uted throughout the euchromatin: the X has a minimum of nine inversions; 
chromosome 2 has 103 inversions; chromosome 3 has 18; chromosome 4 has 4; 
and chromosome 5 has 10. The overabundance of second chromosome inversions 
does not necessarily imply that this chromosome is more labile, although it might 
be, but rather that inversions in this chromosome probably have been more suc- 
cessful. 

Discussion.—Stone et al.” and Wagner and Mitchell'® discussed the various 
aspects of genic interaction and concluded that gene action operates through the 
control of metabolic pathways. Since these pathways are complex interlocking 
sequences, a gene although controlling only one enzyme, may affect many products. 
Several pathways may be present leading to the formation of a product with the 
result that many genes can influence a single character. Each allele has an effect in 
development. One might conclude that the individual allele (or larger segment of 
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the chromosome) has no definable adaptive value per se. Its fitness is determined 
by both the genetic and the external environment. 

Populations of crossbreeding individuals with a past history of inbreeding would 
be expected to be homozygous for a majority of their genes, genetic variation being 
due to (1) a load of deleterious mutants, (2) adaptively neutral alleles, if any exist, 
(3) adaptive polymorphism in a heterogeneous environment, and (4) transient 
polymorphism where a superior allele is in the process of replacing an inferior allele. 
Dobzhansky'® considered these populations as being of the classical type. In con- 
trast he defined as balanced populations those where ‘the adaptive norm is an array 
of genotypes heterozygous for more or less numerous gene alleles, gene complexes, 
and chromosomal structures. Homozygotes ..... . occur in normal outbred 
populations only in a minority of individuals, making these individuals more or less 
inferior to the norm of fitness.’ A past history of a large, genetically diverse pop- 
ulation would result in the development of heterozygote superiority since selection 
has historically acted upon heterozygous alleles in a heterozygous background. 
These two concepts are not meant to be mutually exclusive. Outbred heterozygous 
populations will have certain classical characteristics. In inbred populations hete- 
rotic loci have been found. Even if these prove to be caused by closely linked non- 
allelic interaction rather than true overdominance (Mather”), these segments of the 
genotype are not acting in a true classical manner as defined by Dobzhansky. 

Reproductive processes in sexual organisms shuffle the chromosomes, releasing 
variability for each generation. One of the sources of this variability is reeom- 
bination within the chromosome. ‘The operation of the heterozygous inversion in 
Drosophila is to prevent recombination of the alleles close to and within the inverted 
segment. Recent experiments by Spassky et al.,?! Spiess,?? and Dobzhansky et 
al.,2* which are reviewed by Spiess,”* indicate that recombination releases a large 
amount of genetic variability. Free recombination in species which are normally 
polymorphic for inversions produced the greatest amount of variability. Since 
there is no evidence that the total recombination frequency was altered, this in- 
crease was most probably due to the breakup of the coadaptive gene complexes 
which the heterozygous condition protects. Good chromosomes were used to start 
the experiments and a general reduction in viability was obtained. The conserv- 
ative nature of the heterozygous Drosophila inversion (i.e., prevention of recom- 
bination among coadaptive loci) may account, in part, for the preservation of 
polymorphism since the offspring of inversion heterozygous females inherit unre- 
combined selected coadapted sequences, whereas many of the offspring of adaptive 
structurally homozygous but genetically heterozygous females are recombinants 
and therefore usually less fit. : 

North-south clines, altitudinal clines and seasonal frequency changes in inver- 
sions indicate that some arrangements may be adapted to general climatic con- 
ditions. Gene sequences may become more strictly specialized in relation to such 
factors as food, etc. (da Cunha*). This is not necessarily an absolute one sequence- 
one niche specialization in that there is still a considerable amount of genic vari- 
ability within each coadapted sequence. The heterozygous population may be able 
to utilize several habitats (da Cunha et al.**). The stress should be placed on the 
environment limiting the genetic variability of the population, as done by Stone 
et al.'®; ‘Regions with many varied ecological niches have these filled in time by 
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living systems, sometimes by several species and sometimes by one with great 
adaptive capacities which may depend upon ; *»_tic polymorphism, whereas regions 
with serious ecological restrictions must impose similar restrictions on the vari- 
ability of the genotypes.” 

Investigations of intrapopulation inversion polymorphism by the use of popu- 
lation cages demonstrate that the heterozygous individuals are superior to the 
homozygotes (Dobzhansky”). In experiments where chromosomes from different 
localities are introduced into the cage, one inversion usually replaces the other. 
However, in some instances, a new heterosis originates within the population cage 
(Dobzhansky and Levene*). These experiments indicate that in a polymorphic 
population there will be selection for those alleles which are not only coadaptive but 
also work well with the alleles in the other sequence, resulting in heterosis. Chro- 
mosomes taken from a single population have already been coadapted. Those from 
different populations may or may not be able to develop a new heterosis before 
fixation. 

Nonrandom fluctuations in selective forces such as seasonal variations which are 
longer than the generation time of the flies result in fluctuations in genic and inver- 
sional frequency. In large populations selective pressures may not be strong enough 
to eliminate a gene sequence before it becomes adaptive again (Dempster*’). The 
process of fixation may be slow if the heterozygote approaches the homozygote in 
fitness and/or the conservative nature of the heterozygous inversion in preventing 
recombination is important. However an isolated population, if it is small and 
fluctuations are present (Crow*) or if the environment remains constant for a long 
period of time (Lewontin*'), will become homozygous. 

The importance of coadapted complexes in polymorphism is demonstrated in 
mimetic butterflies. In these organisms, Batesian mimicry is controlled by a series 
of very closely linked loci, between which recombination is relatively rare (Shep- 
pard*®? and Clark and Sheppard**). The heterozygotes may be heterotic, but the 
origin, evolution, and maintenance of polymorphism is certainly due to the mimicry 
itself, and not to the heterosis (Fisher**). 

The origin of coadapted complexes may occur sympatrically in one area. If 
several habitats are open to the organism, a system such as inversions would allow 
for a more efficient exploitation of the niches. Once a specialized genotype is de- 
veloped in the heterogeneous area, it may be able to spread to adjacent homogeneous 
areas. The environment through selection may prevent the other genotypes from 
swamping these adaptive homozygotes. A good example is found in D. mercatorum. 
In this species polymorphism for primitive and advanced chromosomes occurs in 
the lowlands of Brazil and Bolivia. This species is homozygous for advanced se- 
quences in the Andes and further north into the United States. It is the author’s 
opinion that although gene flow may be limited some probably still exists, but mi- 
gration through the Andes is limited to one type of second chromosome and two 
types of the third. ‘he situation in D. moju appears to be identical to that of D. 
mercatorum but is not well-documented. 

Semi-isolated populations occurring in a limited environment may be able to 
adapt to the particular habitat present. This allopatric specialization, if it is 
associated with a recombinant suppressor such as an inversion, would be better able 
to resist gene flow from other populations since the coadaptive genotype is not 
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readily destroyed through recombination. This allopatric inversional differentia- 
tion may have two results: genotypes developed in marginal areas might be able to 
reinvade the richer area and add to or produce polymorphism (Stone et al.'*); 
or if the migrants in both directions are ill-adapted, speciation may result. A 
limited but constant immigration of ill-adapted genotypes which will not survive, 
but which will cause a drain on the reproductive potential of those flies with which 
they mate, may lead to the development of sexual isolation (Koopman*®). In this 
way allotropic differences whether due to different polymorphic systems (Wallace*) 
or different homozygous inversions may lead to speciation. 

Carson®” has suggested that inversion polymorphism is maintained due to the 
homeostatic nature of the heterozygote. Lerner** demonstrated that the forced 
homozygosity for many loci through artificial breeding techniques used in agricul- 
ture and in the laboratory can cause a breakdown in vigor, fecundity, ete. Ap- 
parently, a certain minimum amount of heterozygosity is necessary. The main- 
tenance of heterozygosity for inversions in Drosophila laboratory stocks which 
seems to be a common occurrence in many different species, may be the method 
by which heterozygosity for a number of loci is preserved while many other loci 
not as easily protected become homozygous through drift. Of particular interest 
are the experiments of Robertson**® where he demonstrated that the addition of a 
new chromosome, apparently irrespective of the chromosome, into a highly inbred 
line may often eliminate much of the inbreeding effects. However, we assume 
that a wild population usually has sufficient genetic variability independent of the 
inversion system to allow a superior homozygote to replace a polymorphic system 
without inbreeding degeneration. 

A very important factor is the effect of the gene sequence upon the rest of the 
genotype and vice versa. The fact that the incorporation (or exclusion) of a gene 
sequence into a population is determined by the genotype already in existence is 
obvious. Nor does this interaction have to be between overlapping inversions. 
Patterson and Stone,! in their section on the virilis group, presented a great deal of 
information to show that each species and often each strain is a balanced, inte- 
grated gene pool. The presence of some interspecific fertility allowed them to 
demonstrate genetic integration at all levels. Allelic, intrachromosomal, inter- 
chromosomal, and cytoplasmic-chromosomal interactions were all found within 
the group. Very little is known about chromosomal interaction in the repleta 
group. Of great interest are the population cage experiments of Mettler on 
mojavensis and arizonensis. He demonstrated that two opposing forces were 
operating in the cages, heterosis which tended to maintain both types of chromo- 
somes, and an interaction between the X and third chromosomes where individuals 
homozygous for one chromosome of one species and also homozygous for the other 
chromosome of the other species were very infrequent. The occurrence of hetero- 
sis in the hybrid is remarkable, considering that these are two homozygous species 
so far as we know. 

Speciation in the Repleta Group.—The primary mechanism of speciation is geo- 
graphical isolation. Given complete isolation, populations will diverge in time. 
Other factors such as differences and/or changes in the environment and population 
size will affect the rate of divergence. Given incomplete isolation, these factors 
coupled with the rate of migration will determine whether or not semi-isolated 
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populations can diverge to the extent that new species are formed. Although it is 
almost universally true that each Drosophila species is unique cytologically, there 
are several exceptions: D. mulleri, D. aldrichi, and D. wheeleri are cytologically 
identical. The following four species pairs, mercatorum and paranaensis; mela- 
nopalpa and canapalpa; and species J and species K in the repleta group, and D. 
montana and D. lacicola in the virilis group are polymorphic for the same inversions 
but have other unique cytological characteristics. 

Cytological differentiation resulting in homozygous differences between species 
might have had its origin in several different ways. Identical polymorphism in 
different isolated populations or species may be replaced by new polymorphism of 
overlapping inversions resulting in homozygous differences: 


Population I Population IT 
Time a A//standard A//standard 
Time b A//AB A//AD 
Time c AB//ABC AD//ADE 


Populations I and II if examined at time c differ by two homozygous inversions, 
yet neither population was ever homozygous. There is, of course, no way to 
prove that this has ever happened, but phyletic lines in the repleta group often 
show such a sequence of overlapping inversions. 

Random processes and different selective forces can cause fixation or poly- 
morphism of different genotypes in different localities. In a semi-isolated popula- 
tion the inversion, having arisen only once, may become adapted to the particular 
local habitat and may not be able to spread into adjacent areas in which it is ill- 
adapted. Under proper conditions, allopatric cytological differentiation may lead 
to speciation. In the repleta group there is evidence that polytypic ancestral 
species have given rise to neorepleta, melanopalpa, and canapalpa, and also to the 
mullert complex. The evidence on the origin of the mullert complex follows. 

Twelve species have been placed in the mulleri complex because they share a 
common inversion pool. The evolution of these forms, as determined by their 
inversions, is not one of simple geographical isolation and divergence; rather there 
has been a segregation of six basic inversions, 2c, 2f, 2g, 2h, 3a, and 3c (Table 2). 
Five of these are independent inversions whereas the sixth, 2A, includes 2¢ and over- 


TABLE 2 
DISTRIBUTION OF THE Srx INVERSIONS SEGREGATED AMONG THE 12 SPECIES IN THE 
MULLERI COMPLEX AND THE ANCESTOR OF THE FaAsCIOLA SUBGROUP: 
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D. species N 
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laps 2f, the latter always being present whenever 2h occurs. Each of these six 
inversions are fixed homozygous in those species where they are present. Nine 
of the twelve species have other unique gene sequences; three, mulleri, aldrichi, 
and wheeleri, are homozygous for identical sequences. 

The most probable explanation for this type of distribution of characters is 
the occurrence of an ancestral species composed of geographically semi-isolated 
populations differing in their inversion content as shown diagrammatically in 
Figure 5. These populations diverged in time and formed full species. The geo- 
graphical areas within the general distribution of the ancestral species differed as 
to environmental factors and therefore selective pressure, resulting in a variety 
of localized adaptive peaks. In this situation the population structure and dy- 
namics is of utmost importance. This species must have been a desert-inhabiting 
form except for one forest population (all of the present-day derivatives are desert 
species except the fasciola subgroup) whose population structure was not one large 
continuous gene pool but rather a mosaic of many small semi-isolated populations. 
Furthermore, these populations would not have had the same mutations in the 
same sequence to choose between. There must have been gene exchange between 
neighboring populations but geographical isolation and selective forces were ef- 
fective in allowing populations to adapt to local conditions. At least part of this 
adaptation was through the development of inversional differences, which, once 
established, allowed the population to better cope with ill-adapted migrants. The 
result would be a number of major populations, or subspecies (Fig. 5) each com- 
posed of a number of small populations. A locally adaptive inversion would be 
incorporated at the point of origin, and spread to neighboring subspecies if the 
habitat were suitable. If the neighboring subspecies rejected the inversion be- 
cause the habitat was not available or the foreign sequence could not integrate 
with the gene pool of the population, the migration of the inversion would be stopped 
near the border of the two subspecies with the result that more distant populations 
would never get a chance to test this sequence. As local adaptation through cyto- 
logical differentiation became perfected, the subspecies became more and more 
genetically isolated and speciation resulted. Further speciation of the seven 
species into the present-day 12 species plus the fasciola subgroup could have 
been of the more usual type of isolation and divergence of characters including the 
incorporation of unique inversions (Fig. 5). The six inversions are each present 
homozygous in those species in which they occur. It is possible that the popula- 
tions were polymorphic for these inversions and homozygosity was the result of 
newer balanced polymorphism by overlapping inversions replacing the older 
system (as discussed above). Also, the presence of a pre-existing polymorphism 
with an inversion whose breakage points overlap the sequence in question may have 
prevented this sequence from entering the population. These factors can explain 
part but not all of the inversion picture, there being no cytological reason for most 
of the species-inversion relationship (see Wasserman?’ for details). For example, 
no other inversions are known in the mulleri-aldrichi-wheeleri trio of species which 
are homozygous for 2g, 2c, 2f, 3a, and 3c. Chromosomal interaction of the type 
described in the virilis group and between mojavensis and arizonensis probably was 
important, but our data give no information concerning this. We cannot eliminate 
the possibility that these inversions have been fixed by fluctuations in population 
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size. These species, as do many other Drosophilae, show marked fluctuations 
in population number (Patterson*!). However, I prefer to explain the presence 
or absence of inversions on the basis of fitness rather than drift. 

Speciation in this complex did not necessarily take place at the periphery of 
the ancestral population. It seems unlikely that the homozygosity of the six 
inversions is a result of these species having arisen from an unknown or extinct 
polymorphic species by either having been small peripheral populations or chance 
migrants starting new populations since the mulleri-aldrichi-wheeleri homozygous 
ancestor (subspecies B) is presumed to have been centrally located (Fig. 5). Nor 
is there any evidence of radiation of species out from the center of the population. 
The picture of speciation presented here in the mulleri complex is the simplest and 
most probable explanation for the unusual sharing of characters among closely 
related species where convergent evolution must be ruled out. We were fortunate 
to have six characters segregating into seven types among 12 species and another 
subgroup. This type of speciation if it resulted in fewer species and involved 
fewer characters would not be recognized as having occurred. 

In conclusion, the muller? complex shows every indication of having arisen from 
a species occupying a fairly large diverse area. The most important characteristic 
of this species was that it was composed of many semi-isolated populations being 
similar to the ideal species of Wright. Geographical isolation coupled with the 
origin of polytypic inversional differences allowed populations to adapt to local 
conditions. As coadaptive complexes were being perfected the effect of migration 
was lessened, inversional differences having contributed to the development of 
isolation. Individual populations may have been small or affected by seasonal 
fluctuations in numbers of individuals. 

Summary.—The repleta group is the largest species group in the genus Droso- 
phila. Cytotaxonomic studies have demonstrated phylogenetic relationships 
among 46 species within the group. The vast majority of the species are cytolog- 
ically unique, there being only three species which cannot be distinguished cytolog- 
ically. However, there has been a minimum amount of inversional evolution 
(150 inversions) considering the number of species involved. 

Our information concerns inversions in the repleta group and therefore their 
importance has been stressed. It is proposed that the primary selective advan- 
tage of an inversion is to allow for the development of coadapted gene complexes 
which are specialized for the exploitation of part of the available environment. 
The distribution of the inversions both geographically and among the various 
species is interpreted as being the result of selective forces rather than random 
processes (except for the original occurrence of the unique event), because an in- 
version consists of a large block of coadapted genes whose fitness is considered 
basic to the population. 

The possible role of allopatric cytological differentiation in speciation is dis- 
cussed. It should. be emphasized that most of the interspecific differences are 
expected to be among the loci which are independent from gene rearrangements, 
especially in the repleta group where so few inversions have survived. Random 
processes probably have been very important in fixing allelic differences in the 
various populations and have contributed to the rapid rate of speciation in this 
group. Also, I have tended to equate structural homozygosity with ecological 
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specialization and cytological polymorphism with ecological plasticity. This 
seems to be generally true, although there are exceptions such as the cytologically 
monomorphic species, D. virilis and D. repleta, which are world-wide general scaven- 
gers and are genetically heterogeneous, having localized differentiated populations 
(Patterson and Stone’), and also the ecologically limited laboratory strains which 
have maintained their cytological polymorphism in spite of, or possibly due to the 
fact that they are subjected to drift. : 

Speciation in the mulleri complex is discussed. Cytological evolution in this 
complex is unusual in some ways but this has resulted in a better understanding 
of the methods by which speciation has occurred. Geographical isolation and 
population structure are of great importance, the evidence indicating that the 
ancestral species of this complex was composed of many small semi-isolated popula- 
tions similar to that proposed by Wright as being ideal for evolution. Allopatric 
cytological differentiation was an adaptation to local conditions and also aided in 
reducing the effect of ill-adapted migrants. The result was an acceleration of 
differentiation and speciation. 


I am indebted to Dr. Wilson 8. Stone for suggesting the problem and for his 
continuous interest and encouragement. Many thanks are due to Dr. Marshall 
R. Wheeler for his help in taxonomic problems and to Drs. William B. Heed and 
Hampton L. Carson, who, together with Dr. Marshall R. Wheeler, collected most 
of the material. This manuscript was read by Drs. Wilson 8. Stone, Harrison 
Stalker, and Lynn Throckmorton, whose suggestions helped clarify certain points 


but who should not be held responsible for any mistakes in fact or interpretation 
as presented here. 
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A QUANTITATIVE FORMULATION OF SYLVESTER’S LAW 
OF INERTIA, II* 
By A. M. Ostrowski 
UNIVERSITY OF BASEL, SWITZERLAND 
Communicated by Joseph O. Hirschfelder, March 31, 1960 
13. In the first part of this paper, which appeared in May 1959,7 we generalized 
Sylvester’s law of inertia in the following way. Let H be an Hermitian matrix of 
order n with eigenvalues A, ordered increasingly and, for a square matrix S, 


K = S*HS, (21) 


the ‘transformed’ Hermitian matrix with eigenvalues A, ordered increasingly. 
Then, if p; and p, denote the smallest and greatest eigenvalues of the nonnegative 
Hermitian matrix S*S, we have 


A, = 0,X,, Dr <6 < pv = 1 (22) 


and obviously equation (22) remains true if \, and A, are ordered decreasingly. 

14. In what follows, we denote for an arbitrary Hermitian matrix A by 74 and 
va, respectively, the numbers of positive and negative eigenvalues of A. Then 
we have in particular under the above conditions the relations 

Tk S TH, ve S Vu, (23) 
generalizing Sylvester’s law of inertia to the case of singular transformations. 

15. In Part I of this paper, S was explicitly assumed as real. However, all 
statements and proofs given in Part I remain valid without change in the case of 
a nonreal square matrix S. 
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In this part, we will prove that the inequalities (23) and the essential parts of the 
relation (22) remain valid if we drop the assumption that S is a square matrix and 
° Y: . . > “ee: 
assume instead that S is an (n X m) matrix with m = n. Denote the positive 
eigenvalues of H and of K ordered decreasingly, respectively by 
Ait = Not ee frees as A,t = Aot = ge (24) 
and the negative eigenvalues of H and K ordered increasingly, respectively, by 


Ag Re BR; Ris Bike OR sie 


Then the inequalities corresponding to the formulae (3) in Part I are 
Ax 
Ci 
A," 


i= ‘a ( 
"ie Dn y 


16. The fact behind the assertions (23), (26), and (27) can be formulated very 
simply in the following way: add for m > nto the set of the A,, m—n zeros inserting 
them into the ordering of the \,.. For n > m add to the set of the n numbers A,, 
n—m zeros inserting them into the ordering of the A,. Then we have the relation 
3 of Theorem 1, replacing there p; by 0. 

17. We will therefore have to prove 

THEOREM 7. Jf S in (21) is an'(n X m) matrix and H an Hermitian matrix, we 


have in the above notations the relations (23), (26), and (27). 

If we denote the ranks of H and K by pz, px, then it is a classical result that from 
(21) follows px < py. This fact is sometimes formulated in the form: If the 
matrix K “‘is contained” in the matrix H, then the rank of K does not exceed the 
rank of H. This suggests the interpretation of 24, v4 as the positive and the 
negative rank of A, and the relation (23) would then signify that for an Hermitian 
matrix K “contained in” an Hermitian matrix H the total rank, the positive rank, 
and the negative rank do not exceed the corresponding ranks of H. 

18. The proof of Theorem 7 uses the following lemma which restates in sub- 
stance a well-known fact: 

LemMa. Let S = (s,,) be an (n X m) matrix, for which the nonnegative square 
matrix Q = S*S has P as its greatest and p as its smallest eigenvalue. Let S, be a 
new matrix obtained from S by adding either a certain number of zero-rows or a certain 
number of zero-columns, and assume that in the first case we have m>n. If we put 
then Qi = S.*Si, Q: has P as tts greatest and 0 as its smallest eigenvalues. 

Proof of the Lemma: We denote the elements of Q by o,, and those of Q; by o,,’. 
We have obviously 


(28) 


We distinguish two cases. 

19. Case A. 8S, is obtained from S by adding k — m > 0 zero-columns, so that 
S: is (n X k) matrix. Then we see applying (28) to o,,’ that o,,’ vanishes when- 
ever one of the indicesis >m. Further, we have 
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Cn = Oxi CRA RS Se me). 


Therefore, Q; is obtained from Q by bordering by zeros 


ae * o): 
Oa 
But then the set of eigenvalues of Q; is obtained by inserting k — m zeros into the 
set of eigenvalues of Q and the assertion of the lemma follows immediately. 

20. Case B. 8, is obtained from S by adding n’ — n > 0 rows so that S, is an 
(n’ X m) matrix and Q; an (m X m) matrix. It follows then from (28) that (29) 
holds and that Q; = Q. But, taking n’ = m, we make S, and therefore Q; a square 
singular matrix. Therefore, Q is singular and we see that the smallest eigenvalue 
of Q vanishes. Therefore, the smallest eigenvalue of Q; vanishes for any n’ > n. 

21. Proof of Theorem 7: Since the case of m = n is already dealt with in 
Theorem 1, we will consider two cases according as m > n and m < n. 

CaseI: m>n. Add tothe matrix H m — n rows and m — n columns, consist- 
ing of zeros, so that we obtain an Hermitian matrix of order m, 


aT 
ES | 


where P, Q, R are zero matrices. Further, add to Sm—n rows, consisting of zeros 
and forming a matrix 7’, so that we obtain in 


: S 
si (;;) 


an (m X m) matrix. Then we have 
K = S,*H\S,, (30) 


and Theorem | can be applied to (30). Here, however, S;*S; has the same maxi- 
mal eigenvalue as S*S while the minimal eigenvalue of S,*S; is zero. We will there- 
fore have to replace in (3) p,; by zero. On the other hand, the eigenvalues of A; 
are obtained from those of H by inserting m—n zeros. But then we obtain in this 
case the statement of Section 16 which proves our theorem. 

22. CaselIl: m<n. Addtothe matrix K n—m rows and n—m columns consist- 


s K 
as F 


where P?, Q, and R are zero matrices, an (n X n) Hermitian matrix. Add to the 
matrix S n — m columns consisting of zeros and denote the square matrix of the 


ing of zeros so that we have in 


order n thus obtained by 
Ss Gh * f= 
Then we have 
K, =-S,*HS), 


where the nonvanishing eigenvalues of AK, coincide with those of K. Here, again, 
both “extreme eigenvalues” of S,*S; are zero and p,, while the set of all eigen- 
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values of K, is obtained from the set of eigenvalues of K by inserting n — m zeros. 
This proves the statement in Section 16 for n > m and Theorem 7 is proved. 

23. Wecan now generalize Theorem 4 to 

THEOREM 8. If under assumptions of Theorem 7 the X, and A, are arranged in the 
order of decreasing moduli 


had Rebel ee coi eddy See leet (31) 


we have 
a. = 6,X,’, 8, s Pn (v _— l, cee y px). (32) 


This theorem follows at once, applying in the case m > n Theorem 4f to the ma- 
trices K and H, considered in Section 21 and in the case m < n to the matrices K, 
and H considered in Section 22. 
24. Corresponding to Theorem 5, we have now 
THEOREM 9. Under the assumptions and in notation of Theorem 8, we have for any 
kwithl<k< pr 
PR gees KE 


mares. me ee (1 < k< px), (33) 
Ay ‘a6 Nx | 


where the p, are the eigenvalues of S*S ordered as in (17). To prove this theorem, 
observe that it is sufficient to prove it in the case m = n. For, then, the whole 
Theorem 9 follows for m > n considering the matrices K and H, from Section 21 
and for m < n considering the matrices K, and H from Section 22. In the case 
m = n, our theorem is not identical with Theorem 5 of Part 1 since in this theorem 
the moduli of the eigenvalues were ordered increasingly. However, in proving our 
theorem for m = n it is allowed to assume that both matrices H and K are regular 
since the inequalities (33) follow then in the general case by continuity. On the 
other hand, if the matrices H and K are both of the order n and both regular, we 
obtain our relation (33), applying the relation (18) in Theorem 5 of Part I to the 
matrices H—!, K~'. 

25. We give finally a relation similar to (33) but containing \,+ and A,* in the 
special case vy = 1. 

THEOREM 10. Jf under the conditions of Theorem 7 we have vy = 1, then we have 
for the ordering (24) andakwith1 <k < mx: 

Aa* ssc. Bet 
————~ S PoPe-i - < - Po-avt (1 <k< myx). (34) 
Mate. 

To prove (34), form the compound matrix K® = (S“)* H®S® and apply the 
formula (26) with v = 1 to the greatest positive eigenvalues of K® and H™, which 
are 


Ait AB ay A,*, Ait ee ArT. 


* Sponsored by the U. 8. Army under Contract No. DA-11-022-ORD-2059, Mathematics 
Research Center of the U. 8. Army, Madison, Wisconsin. I am indebted for discussions to Mr. 
H. Fishman, M.S. 

t+ These ProcEEpINGs, 45, 740-744 (1959). To avoid repetitions, Part II was organized as a 
simple continuation of Part I. 

t In the tormula (16) of Theorem 4 read la, | instead of @,. 
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1. Introduction.—Linear operators on spaces of differentiable, continuous or 
measurable functions which enjoy smoothing properties of various sorts have been 
studied from several points of view.! Only recently, however, has an algebraic 
operator identity been discovered which expresses a smoothing property of the 
operator. This is the Reynolds? Identity R(fg) = RfRg + RI(f — Rf)(g — Rg)), 
(denoted below as R.J.), where RF is a linear operator acting on a function algebra, 
or more generally on an arbitrary commutative algebra. This identity originated 
from the study of stochastic solutions of the Navier-Stokes equations ;* however, its 
usefulness in other contexts, of which we mention below the most important, war- 
rants an independent study. The simplest, and in many respects the typical, 
example of an operator satisfying the R./., is the operation of conditioning in proba- 
bility theory.‘ If X is a random variable and B a Borel subfield, then the operator 
X — E®X, the conditional expectation of X relative to B, satisfies the Reynolds 
Identity. If the probability space is a finite set, then every order-preserving opera- 
tor satisfying the R#./. is essentially a conditioning.’ This is not the case in general: 
the operator f > f°.. f(t + x)e‘dt is easily seen to satisfy the Reynolds Identity. 
This operator performs a weighted average of the function f over “‘its past,” the 
“remote past”’ being counted less heavily than the immediate past; it can be inter- 
preted as a generalization of conditional expectation. The R.J. has an important 
connection with ergodic theory. Let s ~ ¢(s) be a measurable transformation on a 
finite measure’ space (S, 2, uw). Assume that for the linear operator f(s) > Tf(s) = 
f(¢(s)) the operator log 7 can be defined by standard operational calculus. It can 
be shown that for any complex number \ not in the spectrum of log T the operator 
R = (AI — log T)— satisfies the RJ. It turns out that some classical problems of 
ergodic theory concerning measurable transformations can be interpreted in terms 
of operators satisfying the R.J. Paramount among these is the problem of the 
existence of a finite measure equivalent to wu under which the transformation ¢ is 
invariant. The restatement of this problem in terms of operators R is solved 
below for some classes of measurable transformations. 

A further motivation for the study of operators satisfying the RJ. is that these 
include as special cases both conditional expectation operators and operators origi- 
nating from measurable transformations; this provides a link between the converg- 
ence theory of martingales and classical ergodic theory. 

A problem studied below is how far the Reynolds Identity goes toward deter- 
mining the operator as belonging to one of these two classes. The question is 
solved for operators with pure point spectra which are weak*-continuous in L,(S, 
>, uw); this class of operators is wide enough to include all operators bounded in 
L,(S, 2, uw) and satisfying the Reynolds Identity on the subalgebra of essentially 
bounded functions. The theory summarized below is in many ways an extension 
of ergodic theory. 

2. Reduction Theory.—Little can be obtained from a purely algebraic study of 
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the Reynolds Identity. It is easily seen to be equivalent to the identities R(fRg + 
gRf) = RfRg + R(RfRg) and 2R(fRf) = (Rf)? + RRS). If the operator R is 
idempotent, then the simpler identity R(fRg) = RfRg follows from the R.J.; under 
very mild conditions this identity characterizes conditional expectation.’ Another 
consequence of the Reynolds Identity is the identity R(fRg) = fRg for all f such 
that Rf = f. This implies that the fixpoints of R form a subalgebra. A deeper 
consequence of the R.J., valid in every algebra without nilpotent elements, is the 
following: if R"g = Oforsome n > 1, then R’g = 0.8 

DEFINITION. A weak*-continuous operator R in L,(S, =, uw) ts a smoothing opera- 
tor (S.O.) when (a) Re = e, where e is the identity operator, (b) R satisfies the Reynolds 
Identity, (c) R is strongly positive, thatis Rf > Oif f > Oand Rf ¥ Oiff > 0, f ¥ 0. 

Operators of the form A(AJ — log 7)~! for real A, where 7 is defined as above in 
terms of a measurable transformation, are S.O.s. Every bounded operator in 
L,(S, 2, uw) which satisfies (a), (b), and (c) for all essentially bounded f and g, can 
be shown to be a S.O. Every S.O. on a real vector space can be trivially extended 
to a S.O. on the corresponding complexification. A s¢mple smoothing operator is 
one for which the identity function is the only fixpoint. Simple S.O.s. extend the 
notion of an ergodic transformation, to which they are equivalent in special cases. 
For a general S.O. in L,(S, 2, uw) it can be shown that the set of all f in L,(S, 2, u) 
fixed under F is a closed subspace of the form L,(S, 2’, u), where >’ is a sub-o-field 
of the o-field =. Using this result one can prove the following reduction theorem, 
which extends a similar result for measure-preserving transformations. 

THEOREM 1. Every smoothing operator on a finite measure space L2(S, Z, u) is the 
direct integral of simple smoothing operators. 


The proof relies strongly on the classical reduction theory for von Neumann 
algebras;’ the main difficulty in the direct integral decomposition of Lo(S, 2, uw) as 
JS ®Hada is to choose the integral H, as Lo(S,, Za, Ha) 80 that the “differential” R, 
satisfies the R.J. for almost all a. In the trivial case when FR is a conditional ex- 
pectation operator, one obtains a representation of R as a direct integral of expecta- 
tion operators, that is, operators of the form f > e fs f(s)u(ds), where e is the identity 
function.'° Theorem 1 is not used in the sequel: it is preferable to classify S.O.s 


directly, without previous reduction. 

3. Invariant Measures.—The spectrum o(F) of a S.O. in L(S, 2, uw) is con- 
tained in the unit disk [A| < 1. If f and g are eigenfunctions of R belonging to 
eigenvalues \ and yu respectively, where \ # uw/(u — 1), then the function fg is an 
eigenfunction with eigenvalue Ay/(A + uw — Au). 

A bounded weak*-continuous operator 7 in L,(S, 2, uw) is said to have pure 
point spectrum (P.P.S.) when (a) the spectrum of 7 is a totally disconnected (0- 
dimensional) set and (b) the eigenvectors of 7 span (in the weak*-topology) every 
weak*-closed subspace of L(S, 2, u) which reduces 7. This notion extends the 
classical Hilbert space notion of operators with discrete spectra, introduced by 
Halmos and von Neumann.!'! The spectrum of the restriction of every operator 
with pure point spectrum to a weak*-closed reducing subspace can be shown to be 
a subset of the spectrum of 7. The condition given below that a smoothing opera- 
tor with P.P.S. be extendable to a normal operator in Le(S, 2, u) amounts, in the 
‘ase of an operator arising from a measurable transformation as indicated above, 





VoL. 46, 1960 MATHEMATICS: G.-C. ROTA 865 


to a condition for the existence of an equivalent invariant measure. Specifically, 
let R be a smoothing operator; we say R is invariant when R*e = e, where R* is the 
adjoint of R in L,(S, 3, wu) and e is the identity function. When R is an operator 
of the form \(AJ-log 7)~!, where (7f)(s) = f(¢(s)) for a measurable transformation 
y, then R is invariant whenever 7’ is measure-preserving. Thus, whenever there 
is an equivalent measure yu; on (S, Y) such that FR is invariant in L,(S, 2, w. and 
R = d(Al-log T)—', then under the equivalent measure y the transformation ¢ is 
measure-preserving. The question whether a smoothing operator is invariant is 
thus seen to be closely related to—and in some cases to imply—the existence of an 
invariant measure for a measurable transformation. Surprisingly enough, the 
problem can be completely solved for smoothing operators with pure point spectra 
in L(S, 2, uw). The study of these operators in the functions space L,(S, %, yu), 
rather than in the usual Hilbert-space context, represents a notable extension of the 
allowable classes of measurable transformations, and contains the analogous theory 
in L,(S, 2, uw) (1 < p< @). 

THEOREM 2. Let R be a smoothing operator with pure point spectrum in L,(S, 
>, u). Then there exists a finite measure u equivalent to u such that R is invariant in 
L.(S, 2, uw). 

Only an indication of the proof of this result can be given here. One begins by 
establishing that the spectrum of R is contained in the curve |A — ! 2| = '/s, and 
that \ = 1 is an isolated point in ¢(R). Next it is shown that A = 1 isa pole of the 
resolvent of R. This in turn, combined with results in the theory of positive opera- 
tors,'* gives the existence of integrable functions A such that R*h = h. The diffi- 


culty lies in choosing h so that its support is the whole space; here the RJ. plays 
a crucial role. Note that a trivial condition guaranteeing that R is invariant is 
that R be a contraction operator in L,(S, 2, uw) for some finite p > 1; this condition 
also implies the weak*-continuity of R. 


4. Representation.—lIf R is any invariant S.O., then from the RJ. one easily 
obtains the identity (R + R*)f = 2R*Rf, valid for all essentially bounded f. This 
in turn implies that J — 2R is isometric in L.(S, 2, u), and hence can be extended to 
an everywhere defined bounded isometric operator. If in particular R has P.P.S., 
then the operator 2 thus extended to L.(S, 2, u) is normal. This implies that the 
operator R* also satisfies the RJ. If FR is invariant, a necessary and sufficient con- 
dition that R* satisfy the RJ. is that the number '/2 does not belong to the spec- 
trum of R. Whenever /?* satisfies the R.J. as well as R, and RF is invariant, then 
R can be extended to a bounded operator in L,(S, 2, u) (1 < p < ©), and the 
spectra of R in each of these spaces coincide. Thus, the structure of R is deter- 
mined by its action on Hilbert space L2(S, 2, u). Whenever R has P.P.S., a com- 
plete representation for F is the following. 

THEOREM 3. An invariant smoothing operator R with pure point spectrum in 
L2(S, 2, u) can be represented as follows. The space S is partitioned into uniquely de- 
termined subspaces S; + S2 + S; such that (a) R acts as the zero operator on L2(S8;); 
(b) R coincides with a conditional expectation operator on S2; (c) the space (S3, 5, u) 
can be represented as a product space I X Sx of the unit inierval (J, B, u,) with its nat- 
ural Borel structure and a measure space (Ss, 2, u;). Let f(t, s) be a real or com- 
plex-valued function on the product space I XK Ss, (where0 < t < 1 and s ¢« S,), and 
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extend f to be a periodic function on the entire real line, with period one. Then the 
action of the operator R on L2(S3) ts given by the Bochner integral'® 


ie 1 
(*) (Rf)(t, s) = fe e“f(u + t, s)du, 0<t<1. 


The real constant r 1s uniquely determined by the operator R. 

The operator on the right side of («), applied to complex-valued functions f(t), 
can be considered as the Green’s operator of the boundary value problem con- 
sisting'* of the differential operator r—'f’(t) — f(t) = 0 with the periodic boundary 
condition f(0) = f(1). This operator is a finite realization of the ‘weighted aver- 
age’’ discussed in section 1, generalizing conditional expectation. 

In the proof of Theorem 3, the set S; is defined as the union of the supports of 
all eigenfunctions belonging to the eigenvalue \ = 0 of R; the set S; as the union of 
the supports of all eigenfunctions belonging to eigenvalue \ ~ 0, 1, and S. = S — 
S,; — S;. The representation of R in Le(S2) follows from the remark that the re- 
striction of R to this subspace is a projection. The representation of the restric- 
tion of R to L2(S3) is obtained as follows. Let A» ¥ 1 be the eigenvalue of R near- 
est to one and lying in the upper half-plane. It can be shown that there exists a 
single eigenfunction fy belonging to the eigenvalue Ao, such that. |fo(s) | = | almost 
everywhere on S3. Assuming u(S;) = 1 we have fs fo"/(s)fo"(s)u(ds) = 0, m 
~ n. Furthermore fo(s) = fo(s)~! almost everywhere. 

The decomposition of the space (S3, 2, uw)" is obtained by letting D’ be the o-field 
generated by fo, and =” the o-field generated by all eigenfunctions belonging to 
the eigenvalue one. It can be shown that 2’ and 2” are independent o-fields. To 
prove that (S3, 2’, uw) is isomorphic to (J, B, u,) an isomorphism is established be- 
tween the corresponding function spaces by setting fy —~ e’’', for suitably chosen r. 
This extends to an isomorphism of the algebra L(S, 2’, uw) onto LU, B, ue). 
Finally, it is shown that the spectrum of the operator on the right side of («) 
coincides with the spectrum of R. 

5. Sharp Conditions.—The condition that R have pure point spectrum in Theo- 
rem 2, though the natural one in many respects, can be considerably relaxed. The 
resulting sharpened criteria are significant when viewed as conditions insuring that 
the operator be “spectral,” and are in fact related to similar conditions on the 
resolvent studied in the theory of spectral operators.’ If the spectrum of the 
smoothing operator FR is totally disconnected, then necessary and sufficient condi- 
tions that R be equivalent to an invariant S.O. are that (a) the number one is an 
eigenvalue of RF (that is, the range of the projection E(1, R) is spanned by the funce- 
tions f such that (1 — R)"f = 0 for some n); (6) if for some essentially bounded 
f the only singularity of the vector-valued analytic function (AJ-R)—!f of > in 
L.(S, 3, ») lies at \ = 0, then in a neighborhood of \ = 0, ||(AJ-R)—f|| = 0( In |-™) 
for some m > 0 as |\| 0. These conditions imply in particular that R has pure 
point spectrum. 

Conditions (a) and (b) can be considerably relaxed, and a complete representa- 
tion theory can be obtained for weak*-continuous operators in L., which satisfy 
the Reynolds identity and have pure point spectrum. It can be shown that any 
such operator can be represented by essentially trivial modifications of smoothing 
operators, The main device in arriving at such a representation is the existence 


ce 
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of a partition of the space S into S,; + S: such that the operator Ri: f > xs, Rf 
is a smoothing operator when restricted to L,(S;), and Rg = 0 for all g supported 
on Ss. The difficulty is to prove that Rie = e on S,; this requires a previous study 
of the spectrum of R. 

For simple invariant operators in L.(S, =, uw) satisfying the RJ. and having 
discrete spectrum in the sense of Halmos and von Neumann, the following represen- 
tation can be easily obtained. The space S is partitioned into S,; + S2, where 
R.is the operator f > (ff)e on L.(S;) and exp (tR-! — 2) restricted to L2(S:) is 
equivalent to a rotation on a compact abelian group for every real ¢. In particular 
if R is simple and has pure point spectrum, then FR is isomorphic to a direct sum of 
the “definite integral” and [1 + a(d/dt)|—', where d/dt is the ordinary derivative 
on a compact interval of the line. 

The main result, Theorem 2, can be applied to prove the existence of invariant 
measures for measurable transformations possessing an infinitesimal generator, 
or more generally for semigroups of maps in the sense considered by Hufford.” 
The determination of bounded eigenfunctions is often simpler than the study of 
the spectrum in other function spaces. The details of such applications will appear 
in a separate publication. 

The algebraic theory of the Reynolds Identity is closely connected with the 
study of derivations in abstract algebras. It can be shown that R-! — J is a 
derivation whenever R~! exists. It can be easily shown that R-' is unbounded 
except in trivial cases; this leads to a proof of the Singer-Wermer Theorem." 


* This work was supported by the Office of Naval Research. 
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1. We shall construct a new infinite series of simple groups in this note. It 
turns out that for each power q of 2 with odd exponent there is a group, denoted by 
G(q), of order g?(¢q — 1)(q? + 1) which is simple for g > 2. From the formula for 
the order of G(q) it is easily seen that the order is prime to 3. Therefore, the 
groups G(q) are isomorphic with none of the simple groups known so far, since all 
the known simple groups have orders divisible by 3 (see, for instance, a list of orders 
in Artin'). The series of groups G(q) gives, therefore, the second infinite series of 
simple groups which are not of Lie type. 

Besides being a new type of simple groups, these groups G(q) have many interest- 
ing properties. For example, the group G(q) may be represented faithfully as a 
doubly transitive group on q? + 1 letters such that the identity is the only element 
leaving three different letters invariant. Thus, the existence of the groups G(q) 
disproves the conjecture by Zassenhaus and Feit that the only doubly transitive 
simple group satisfying the above property would be the one-dimensional pro- 
jective groups over finite fields (see Feit). Another property of groups G(q) 
worthy to mention is that the centralizer of any non-identity element of G(q) is 
nilpotent. Some of G(q) satisfy a stronger condition that the order of any element 
is a power of prime numbers. In any case G(q) contains no element of order 2p with 
p> 2. 

2. Construction of groups G(q) depends on some properties of the Galois field 
with g elements. Let g be a power of 2 with odd exponent: gq = 2°"*'. Hence 
we may write 

q = 2r? 
with r = 2". Let F be the finite field with gq elements, and let @ be the automor- 
phism of F which maps every element of F to its rth power: 


6 " 
a = a,aeF. 


We shall define G(q) as a subgroup of L4(q), the linear group of 4 X 4 matrices 
over F. For a pair of elements a, 8 of F let S(a, 8) denote the triangular matrix 


(a,;) defined by 





Vou. 46, 1960 MATHEMATICS: M. SUZUKI 


ay; = Oifi < j, ay = 1 fori = 1, 2, 3, 4, 
so ER i mn 
Cy age a on B, ag = a 


2 , 2 6+ 
ay = at? + o'8 + BY) ay = at! + 8B. 


The matrix multiplication proves that 
S(a, B) S (y, 8) = S(a + y, ay’ + B+ 84). 


Here the definition of @ must be used. Therefore the totality Q of S(a, 6) forms a 
group of order g? which is metabelian. 

For any non-zero element ¢ of F let M(¢) denote the diagonal matrix whose 
main diagonal entries are ¢°, ¢°, ¢*", ¢° from top to bottom. The totality 
of these diagonal matrices forms a cyclic group of order g-l isomorphic with the 
multiplicative group of non-zero elements of F. Again, by matrix multiplication 


we have 
M(g)-! S(a, B) M(g) = S(¢*’a, £8) 


where’ =1+@?+0'+....+06%+....+ 6°". Here the addition is to be 
performed in the exponent. From this equation it follows that the matrices 
S(a, 8) and M(¢) generate a Frobenius group H of order qg?(q-1) and the subgroup 
Q is the Frobenius kernel of H. 

In order to define G = G(q) we add one more matrix 7' where T is the coefficient 
matrix of the (skew) symmetric bilinear form 


B(x, y) = xiys + Los + Layo + Vay. 


The group G is the subgroup of L4(q) generated by H and T. 
3. The element 7’ satisfies the relation that 


TOM (¢)T = M(g)—. 
Another important property of 7 is 
T-OT a H = jl}. 


The key lemma to the study of G is the following: 

LemMMA. Every element of G not contained in H can be expressed uniquely as 
a product U7'S where UeH and SeQ. 

It follows from this lemma that the order of G is exactly q?(q¢ — 1)(q? + 1) as 
stated in the introduction and that as a permutation group on the cosets mod H 
the group G is doubly transitive and the identity is the only element leaving three 
different symbols invariant.* 

The last property just mentioned shows the simplicity of G. In fact, we have 
the following (probably known) proposition. 

Proposition. Let G@ be a doubly transitive group in which only the identity 
leaves three different letters invariant. If the degree N is odd, then G is either a 
Frobenius group or a simple group. G is a Frobenius group if and only if the order 
of Gis N(N — 1). 

The linear groups L2(q) for any power g of 2 provide another class of doubly 
transitive groups in question. It can be proved (with some difficulty) that a 
doubly transitive simple group of odd degree satisfying the extra condition in the 
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above proposition is isomorphic with some L(g) (q > 2) if (and of course only if) 
the order is divisible by 3. This theorem explains one reason why we start our 
construction of G(q) only for g with odd exponent. 

4. We shall state a few more properties of G(q). It is not too difficult to show 
that G(q) contains cyclic groups of orders 


q+2r+1 and q— 2r +1. 


These cyclic subgroups are maximal nilpotent subgroups of G, and they are the 
centralizer of any one of their non-identity elements. Moreover, they are of index 
4 in their normalizers. The derivation of these results utilizes a counting method. 
Besides the cyclic groups of order g + 2r + 1 there are cyclic groups of order g — 1, 
which are again maximal nilpotent subgroups of G but of index 2 in their normal- 
izers. Those maximal cyclic groups together with Sylow 2-groups make up a 
partition of G. Therefore, every centralizer of a non-identity element is nilpotent. 

The irreducible representations of G over the complex number field can be 
determined. We shall give only the degrees. 

Pwr 
l+q; (q-2/2 

r(q~ 1);°°2 
(q+ 2r+1)(q-—1); (q — 2r)/4 
(q—- 2r+1)(q—1); (q+ 2r)/4 


In the above list the numbers to the left are degrees and the number opposing 
indicates how many distinct characters with the given degree we have. 

5. The group G(q) is defined as a subgroup of L4(q). It is easy to see that every 
transformation of G(qg) leaves the bilinear form B(x, y) of the section 2 invariant. 
Hence G(q) is actually a subgroup of S,(q), the symplectic group over F. It may 
be interesting to note that for g = 4 any group of order q?(q — 1)(q? + 1) = 816 
is solvable and that L,4(4) does not contain any subgroup of this order. 

The group G(g) does not contain a subgroup of order q? + 1 even though L,(q) 
contains a cyclic group of order q? + 1 which is a Hall subgroup of Z4(q). The fact 
that the property of having a nilpotent Hall subgroup is not hereditary to subgroups 
has also been noted by N. It6 who has communicated another example to the 
author recently. 

In his note,? Feit has studied groups which contain Frobenius groups. Among 
other results he has found a theorem concerning the decomposition of induced 
characters (Theorem 1, [2]). The existence of groups G(g) shows that the con- 
dition (v) in his theorem cannot be dropped from the hypothesis in order to get a 
nice decomposition of induced characters. 

* This investigation is supported by the National Science Foundation (G-9654). 

1 Artin, E., “The orders of the classical simple groups,’’ Communications on Pure and Applied 
Math., 8, 455-472 (1955). 

2 Feit, W., ‘On groups which contain Frobenius groups as subgroups,”’ Proc. of Symposia in 
Pure Mathematics, 1, 22-28 (1959). 

3 Zassenhaus, H., ‘“‘Kennzeichnung endlicher linearer Gruppen als Pérmutationsgruppen,” 
Abh. aus dem Math. Seminar der Hamb. Univ., 11, 17-40 (1936). 





MOTION OF A GYROSCOPE ACCORDING TO EINSTEIN’S THEORY 
OF GRAVITATION* 


By L. Ll. Scuirr 
INSTITUTE OF THEORETICAL PHYSICS, DEPARTMENT OF PHYSICS, STANFORD UNIVERSITY 


Communicated April 19, 1960 


The Experimental Basis of Einstein’s Theory.—Kinstein’s theory of gravitation, 
the general theory of relativity, has been accepted as the most satisfactory descrip- 
tion of gravitational phenomena for more than forty years. It is a theory of great 
conceptual and structural elegance, and it is designed so that it automatically 
agrees in the appropriate limits with Galileo’s observation of the equality of gravi- 
tational and inertial mass, with Newton’s mechanics of gravitating bodies, and 
with Einstein’s special theory of relativity. Leaving aside the very important 
matter of elegance, we wish in this section to examine the experimental basis of 
the theory. This basis consists of the three points of limiting agreement with 
varlier results just mentioned, together with certain astronomical evidence. 

The equality of gravitational and inertial mass was originally formulated in 
terms of equal accelerations for all freely falling test particles, regardless of mass 
or chemical composition. In this form, it is a consequence of general relativity 
theory insofar as test particles move in accordance with the geodesic equations for 
a Riemannian metric. However, the experimental evidence on freely falling par- 
ticles is not of very great accuracy. Much more precise experiments were per- 
formed about half a century ago by Eétvés and collaborators,' and are now being 
repeated with improved technique by Dicke.? Since they make use of particles 
that are not in free fall but are subjected to nongravitational constraints, the rela- 
tion with Einstein’s theory is not quite so simple as just indicated. On the other 
hand, we can regard these experiments as establishing with great confidence the 
principle of equivalence, which we express in the following way: all observations 
made locally on a system in a static, uniform gravitational field in the absence of 
local background matter agree with corresponding observations made on the same 
system when it is subjected to an equivalent acceleration in the absence of the field. 

This statement of ‘the equivalence principle goes beyond the direct evidence of 
the Eétvés experiments. For one thing, the Eétvés experiments do not compare 
observations made in the presence and absence of a gravitational field, but rather 
compare observations made with an acceleration in one direction and a gravita- 
tional field in another. More important, the observations made are not perfectly 
general, but consist of mass comparisons. However, there is a great deal of physi- 
cal content to a precise mass measurement, since many of the phenomena known in 
physics enter into it with sufficient effect to be noticeable ;*~* this occurs through 
the Hamiltonian of the system, of which the mass is essentially the ground-state 
eigenvalue. It would be remarkable if the equivalence principle were to apply to 
the ground states of the Hamiltonians of physics, and not also to the excited states 
that determine, for example, the transition frequencies. Thus, while this formula- 
tion of the equivalence principle is an extrapolation from the direct evidence of the 
Kétvés experiments, it is not so great an extrapolation as might at first be supposed. 

The other points of contact with Einstein’s theory of gravitation are most readily 


871 








872 PHYSICS: L. I. SCHIFF Proc. N. A. S. 


discussed in terms of the formalism of the theory. In the simplest interesting case, 
that of the gravitational field about a stationary, spherically symmetric mass m, 
the metric that represents the solution of the field equations can be written in the 
Schwarzschild standard form® 


ds? = (1 — 2m/r)dt? — dr?/(1 — 2m/r) — r?(d6? + sin? 6 d¢?), (1) 


where units have been chosen so that the speed of light and the Newtonian gravi- 
tational constant are equal to one. Then special relativity is valid whenever 
m/r may be neglected in comparison with unity. The metric (1) may be supple- 
mented by the geodesic equation of motion for a test particle, and the null-geodesic 
equation of motion for a light ray; alternatively, these equations of motion can be 
obtained from the field equations themselves. 

Suppose now that we wish to verify the structure of equation (1) by comparison 
with observation. We may then write the metric in the form 


ds? = (1 + am/r + Bm?/r? +... )dt? — 
(1 + ym/r + 6m?/r? +... )dr? — r?(dé? + sin? 6d"), (2) 


where a, 8, y, 6,... are of order unity. This implies an expansion in powers of the 
quantity m/r, which is very small in all cases of observational interest. It also im- 
plies spherical symmetry, in which case d@ and d¢ appear in the combination shown 
and any multiplying series in powers of m/r is readily transformed away by a change 
of the radial variable. It then follows that the limiting case of Newtonian me- 
chanics requires only that a = —2. The gravitational red shift is also accounted 
for in the same way. The theory of the gravitational deflection of light passing 


close to the sun results from the null-geodesic equation for a light ray, together 
with the above value for a and the choice y = +2. Finally, the theory of the 
precession of the perihelion of the orbit of the planet Mercury results from the 
geodesic equation of motion for a test particle, the foregoing values for a and y, 
and the choice 8 = 0. Higher terms in the series of (2) have not been subjected to 
experimental test.’ 

We now ask to what extent the above numerical values of a, 8, and y, and the 
equations of motion, may be inferred without recourse to Einstein’s theory of 
gravitation. It is argued elsewhere* that the values of a and y, and the null- 
geodesic equation for a light ray, can be obtained correctly from the equivalence 
principle as formulated above, together with the special theory of relativity. On 
the other hand, the value of 8, which depends in an essential way on the nonlinearity 
of the field equations, and the geodesic equation for a test particle, cannot be ob- 
tained in this way. Thus, the planetary orbit precession remains as the sole ex- 
perimental basis for Einstein’s theory. Recent terrestrial experiments on the gravi- 
tational red shift® ' should be thought of as providing additional evidence for the 
equivalence principle as formulated above, rather than for the general theory of 
relativity. 

There are at least three general ways in which one might look for new experi- 
mental verifications of Einstein’s theory of gravitation to supplement the plane- 
tary orbit precession. The first is related to cosmological implications, such as 
variations of certain natural constants with time,? and the structure and evolution 
of the universe.'! As an example of the latter, a search could be made for a mini- 
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mum apparent size of extra-galactic nebulae, since the most distant visible nebu- 


lae might be expected to appear larger and redder than those at intermediate dis- 
tances. The second approach consists in searching for gravitational radiation, 
either arising from extra-terrestrial sources, or possibly generated in the laboratory.'” 
The third proposal is specifically designed to involve terms in the metric (2) beyond 
a and y, and the equation of motion of matter of finite rest mass beyond the New- 
tonian approximation. This could be accomplished by measuring the precession 
of the spin axis of a torque-free gyroscope in the gravitational field of the rotating 
earth;'* '* although the 8, 6, . . . terms in (2) are not involved, new off-diagonal 
space-time components of the metric tensor that arise from earth rotation become 
significant. The present paper is devoted mainly to a derivation and discussion of 
the results already published in a brief notice." 

Equations of Motion of a Spinning Test Particle-—Papapetrou has derived 
covariant equations of motion for the center of mass and the spin angular momen- 
tum of a spinning test particle (torque-free gyroscope). These equations are in- 
complete in two respects. (1) They refer to free fall, that is, to motion in a pure 
gravitational field. Thus, while they describe a gyroscopic satellite, they do not 
describe a gyroscope in an earth-bound laboratory. Our first task, then, will be 
to generalize these equations by including a non-gravitational constraining force 
F. (2) There are only three independent equations for the six components of the 
angular momentum tensor, so that supplementary conditions must be imposed. 
These conditions may be chosen in either of two natural ways. Corinaldesi and 
Papapetrou” require the timelike components of the angular momentum tensor to 
vanish in the coordinate system in which the central attracting body is at rest. 
Pirani” requires these components to vanish in the rest-frame of the gyroscope. 
We shall consider both of these possibilities here. 

Papapetrou uses the method of Fock'’ to obtain the equations of motion. This 
consists in starting with the “dynamical equation” for the energy-momentum tensor, 
according to which its covariant divergence is zero: 


T”., = 0. (3) 


T” represents the test particle, and is supposed to vanish outside of a narrow tube 
in four-dimensional space-time that surrounds the world line of some representa- 
tive point X” of the particle. The space components of X“, X‘ (¢ = 1, 2, 3), are 
regarded as functions of the time X‘* = ¢, or of the proper time s along the world 
line. This world line need not be a geodesic of the gravitational field, which is 
described by the metric tensor g,,._ The equations of motion are obtained by manip- 
ulating integrals of the form 


ST’ do, S(e—-X 7d, ..., (4) 


where the integrations extend over three-dimensional space for ¢ = constant. A 
point test particle is one for which some of the components of the first integral of 
(4) fail to vanish, but the other integrals are always zero. A spinning test particle 
is one for which some of the components of both integrals fail to vanish, but an 
integral containing more than one factor («* — X™*) is always zero. 

The four-velocity of the representative point of the particle is u“ = dX*/ds. 
We generalize the nongravitational constraining force F to a four-force F* such 


a 
Hs 





874 PHYSICS: L. I. SCHIFF Proc. N. A. §. 


that F‘ = F and F“*u, = 0,'* and assume that it is applied at the point X*. Equa- 
tion (3) is still valid, but 7” must now be thought of as consisting of two parts, one 
representing the test particle and the other the force. We avoid a detailed specifi- 
cation of the second part by assuming that its covariant divergence is zero except 
at the point of application, and is there proportional to Ff“. Then if we denote 
just the first part by 7”, equation (3) is to be replaced by 


T™., = (F*/u')i(xz' — X)b(a? — X*)(x? — X4), (5) 
where the right side is a product of Dirac 6 functions. That equation (5) is actually 


covariant is most readily shown by using it to calculate the equation of motion of a 
point test particle after the manner of Papapetrou. The result is 


m(du*/ds + T*,gu*u®) = F*, (6) 
which reduces to the geodesic equation when F* = 0. The rest mass of the particle, 
my = (1/u*) f T** dv, (7) 


is a scalar,"® and can be shown to be constant along the world line. 
We may also apply Papapetrou’s procedure to a spinning test particle, using, 
however, equation (5) in place of (3). The spin angular momentum is defined by 


S” = f(x" — X*)\T" dv — Sf (x” — X’)T“ dv, (8) 


which can be shown explicitly to have the transformation properties of a tensor." 
The equation of motion of the spin is unaffected by inclusion of F’, and may be 
written in the covariant form 


(DS*/Ds) + u*ug(DS"*/Ds) — u’ug(DS"“*/Ds) = 0, (9) 


where D/Ds represents covariant differentiation along the world line: 


(DS””/Ds) = (dS”/ds) + T*ggS”u® + T’agS**u?. (10) 


The equation of motion of the representative point of the particle is modified from 
equations (6) and (7) by terms of order S”. However, this effect of the 
spin on the orbital motion of the particle is completely negligible in situations of 
current experimental interest. 

It is sometimes convenient to rewrite equation (9) in the noncovariant form 


(DS”/Ds) + (u*/u*)(DS’*/Ds) — (u’/u*)(DS**/Ds) = 0. (11) 


This may be obtained from equation (9) in the following way:” set vy = 4 in (9) 
and multiply by (u’/u*); then set u = 4 in (9) and multiply by (u“/u*); then add 
these two equations and substitute into (9). Since (11) is antisymmetric in 
u and », it seems at first to comprise six independent equations. However, if we 
put » = 2, v = 4, we obtain a trivial identity. Thus only three of these equations 
are actually independent; the same remark applies to (9). It is therefore necessary 
to impose a supplementary condition. 

The physical meaning of the supplementary condition is best seen by writing S*” 
in rectangular coordinates. Then since 7“ is the momentum density in the 7 direc- 
tion, it follows from equation (8) that 


S = (S,, S,, S.) = (S%, 8%, S12) (12) 





Vo. 46, 1960 PHYSICS: L. I. SCHIFF 


is the spin angular momentum vector with respect to the representative point 
GF (13) 


Further, for » = 7, v = 4, the second integral in (8) is zero since the integration ex- 
; u £ a 

tends over three-dimensional space for constant time, so that x«* and X‘ are both 
equal tot. We thus obtain 


S4# = f(x? — X)T dv = mute’, (14) 


where mp is given by (7), and e' is the position of the center of mass of the particle 
with respect to X‘. 
The Corinaldesi-Papapetrou (CP) supplementary condition is'® 


S4=0 (15) 


in the rest-frame of the central attracting body, so that X' is the center of mass 
in this coordinate system. On the other hand, Pirani’s supplementary condition is” 


(16) 


In the rest-frame of the particle, u' = 0 and % is zero or negligibly small,?! so that 
S = 0 and X' is the center of mass in the particle rest-frame. As is well known,”? 
the position of the center of mass of an object that possesses internal angular mo- 
mentum is not a Lorentz-invariant quantity. It follows that the supplementary 
condition removes the ambiguity inherent in the choice of the representative 
point X‘ in terms of which the motion of the spinning test particle is described and 
at which the constraining force is applied, by specifying that this point is the center 
of mass in one or another coordinate system. 

In using the CP condition, it is more convenient to start from equation (11) than 
from (9). With the help of (15) and (10), equation (11) becomes 


(DS”/Ds) = Ty, (u*/u*) (S*uwi — S*u'). (17) 


We now rewrite (17) in terms of the rectangular coordinates (12) and (13), making 
use of the standard form (1) of the Schwarzschild metric. To lowest order, which 
requires knowledge only of a and ¥ in (2), we obtain'® 


(dS/dt) = (m/r*)(2S(r-v) + 2v(r-S) — r(v-S) — (3r/r?)(r-v)(r-S)], (18) 


where v = dr/dt. It is instructive also to find the analog of (18) when the isotropic 
form of the Schwarzschild metric is used ;* to first order, this metric is 


ds? = (1 — 2m/r)dt? — (1 + 2m/r)(dr? + r°dé? + r? sin? 6 d@’), (19) 


and is the same to this order as the metric expressed in Fock’s harmonic coordi- 
nates.*> Equation (17) then becomes to lowest order 


(dS/dt) = (m/r*)[3S(r-v) + vir-S) — 2r(v-S)]. (20) 


In using the Pirani condition (16), it is more convenient to start from equation 
(9) than from (11). We differentiate (16) and substitute into (9) to obtain 


(DS*”/Ds) = (u®S’* — u’S**)(du,/ds — uPuT ag). (21) 


Since Ue = Ja, u’, du,/ds can be expressed in terms of the nongravitational con- 
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straining acceleration f* = F“/mo by means of equation (6). In doing this, terms of 
higher than first order in S” on the right side of (21) are neglected. After some 
reduction, (21) becomes to this approximation 


(DS*”/Ds) = (u®S™ — wu’S"*)f,. (22) 


The components S“‘ and f, may be eliminated from (22) by using the supplementary 
condition (16) and the relation f,u* = 0. The standard form of the Schwarzschild 
metric then gives for the spin equation of motion 


(dS/dt) = (3m/r*)[v(r-S) — (r/r?)(r-v)(r-S)] + S(v-f) — f(v-S); 
the isotropic form leads to 
(dS/dt) = (m/r*)(S(r-v) + 2v(r-S) — r(v-S)] + S(v-f) — f(v-S). (24) 


Transformation to the Gyroscope Rest-Frame.—The four equations of motion— 
(18), (20), (23), and (24)—are quite different from each other, and yet presumably 
all describe the same physical system. They may be reconciled by transforming 
each to the rest-frame of the gyroscope. Physically, this corresponds to the fact 
that measurements on the gyroscope are most readily interpreted as being made 
by a co-moving observer, who may then transmit these measurements to the out- 
side world. If, for example, the gyroscope is in a satellite, it may be observed by a 
human being who travels with it, or by a device which telemeters information to 
the earth below. One of the questions that is most important from an observational 
point of view is whether or not there is a change in the frequency of rotation of the 
gyroscope, since this would be the simplest quantity to measure with precision. 
Corinaldesi and Papapetrou'® argued on the basis of equation (18), which is the 
only one of the four that they obtained, that since (dS/dt) has a component parallel 
to S, its magnitude will change, and hence the rotation frequency might be ex- 
pected to change. On the other hand, the four equations predict quite different 
values for the change in magnitude of S. 

The physical situation is as follows. The co-moving observer (human or other- 
wise) measures the rotation frequency by comparison with a standard clock that 
is carried along, and interprets this as being the ratio of the magnitude of the angular 
momentum to the moment of inertia, both measured in the gyroscope rest-frame. 
The moment of inertia is determined by the dimensions of the gyroscope, and hence 
by comparison with a standard measuring rod that is also carried along by the 
observer. Thus, if we transform S to the co-moving system, we have a consistent 
set of observations. As we shall see, it turns out that the magnitude of the trans- 
formed angular momentum Sp is constant. This means that if the dimensions do 
not change, the rotation frequency is constant, and the gyroscope behaves like a 
clock which can be set to any desired frequency. The frequency will of course ex- 
hibit Doppler and gravitational shifts when observed from the outside, just like 
that of a more conventional clock. This will occur, for example, if the gyroscope 
is in a satellite and its rotation frequency is telemetered to the earth below. 

The transformation to the gyroscope rest-frame consists of two parts, a coordi- 
nate transformation involving changes of order m/r, and a Lorentz transformation 
involving changes of order v*. Since we need work only to first order in m/r 
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and in v*, we can deal with the two transformations separately, and combine their 
effects later. 

The first transformation recognizes the fact that a coordinate length 6x‘ in the 
original system corresponds to a proper length 6s = (—g,,)" 6x‘, and that it is this 
és that is measured by the standard rod of the co-moving observer. Thus when the 
isotropic metric (19) is used, all coordinate lengths are to be multiplied by (1 + 
m/r), to first order, to convert them to the co-moving system. From (12), we see 
that each component of S transforms like the product of two coordinates, so that 
S must be multiplied by (1 + 2m/r) to obtain So, again to first order: 


So = ( + 2m r)S. 


With the standard metric (1) the situation is slightly more complicated. Here, 
radial length intervals are to be multiplied by (1 + m/r), and tangential length 
intervals are to be left unchanged. It then follows from (12) that the tangential 
components of S are to be multiplied by (1 + m/r), and the radial component is to 
be left unchanged: 


So = S + (m/r)[S — (r/r?)(r-S)]. (26) 
The Lorentz transformation is most conveniently written down if v is chosen to 
be along one of the rectangular axes, say x: 


Sol? = yS! + vyS*4, So22 = S23, S31 = yS3! — vyS34, 


92 
Sy = 8, Sy = yS* + v8, Sy = 8" — gn, FY) 


here, y = (1 — v?)~’*. The CP condition (15) requires that S'* = S*4 = S*4 = 0, 
so that equations (27) become, with the help of (12): 


soy = YS, So. = yS,, 
So!4 = 0, So? — vys., Sy** = —vySy. 


Soz = S,, S 


(28) 


Thus, in this case, the component of S parallel to v is left unchanged, but the per- 
pendicular components are multiplied by (1 + '/2v?), to first order. This may be 
written in a rotation-covariant manner as follows: 


S=S+'! 2[v’S ro v(v-S)]. (29) 
The Pirani condition (16) requires, when v is along z, that 


S4=0, S%*=vS", $4 = —nS. 


Here, effects of order m/r have been neglected, since we are permitted to sepa- 
rate the coordinate and Lorentz transformations in lowest order. Equations (27) 
then become 


Y ee Y Y we —] y Y we 
Sor — a Soy iin m3 Sy, So, 


So'4 — Q, So”4 = 0, So*4 = (30) 


The last three of equations (30) are in agreement with the remark made just after 
equation (16), that when the Pirani condition is used, S‘* = 0 and hence X‘ is the 
center of mass in the gyroscope rest-frame. The first three of equations (30) 
show that the component of S parallel to v is left unchanged, while the perpendicular 
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components are multiplied by (1 — !/2v?), to first order. In rotation-covariant form 
this becomes 


Sy - S —! 2[v’S aia viv-S) |. (31) 
Equation (18) was obtained by using the standard form of the Schwarzschild 
metric together with the CP supplementary condition. Thus, in order to transform 
it to the gyroscope rest-frame we combine the transformations (26) and (29) to first 
order: 
So = S + (m/r)[S — (r/r?)(r-S)] + '/2[v?S — viv-S)]. (32) 
The time derivative of (32) is 


(dSo/dt) = (dS/dt) — (m*/r?)S + (8mr/F)r(r-S) — (m/r*)v(r-S) — 
(m/r*)r(v-S) + vdS — '/.v(v-S) — '/ov(v-S). (33) 


Here, dots denote time derivatives, and terms of order (m/r)(dS/dt) and v?(dS/dt) 
have been neglected in comparison with (dS/dt). Also, the difference between the 
differential time intervals df in the two coordinate systems has been neglected, 
since it is of fractional order m/r and v®. Several substitutions can be made on 
the right side of equation (33). It is evident that * = (r-v)/r and # = (v-v)/2. 
The acceleration v can be obtained from the equation of motion (6). Since we 
require v only to first order in m/r and v®, spin corrections to (6) can be neglected 


and the Newtonian approximation used: 
v = —(m/r*)r + f, (34) 


where f = F/m, is the acceleration that arises from the nongravitational constraint. 
Finally, (dS/dt) is to be taken from (18). With all these substitutions, equation 


(33) becomes 
(dSo/dt) = (3m/2r*)[v(r-S) — r(v-S)] + S(v-f) — '/of(v-S) — '/sv(f-S). (35) 


Since according to (32), S differs from Sp only by terms of order m/r and v?, it may 
be replaced by Sy on the right side of (35). 

Equation (20), which arises from the isotropic metric and the CP condition, 
may be transformed in just the same way. The transformation is the combination 


of (25) and (29): 
S) = S + (2m/r)S + !'/.[v°S — viv-S)]. (36) 


Differentiation of (36), followed by substitution from (20) and (34), again leads 
to equation (35). 

When the Pirani condition is used, equation (23) with the standard metric must 
be transformed by means of (26) and (31), and equation (24) with the isotropic 
metric must be transformed by means of (25) and (31). In both cases, the result 
analogous to equation (35) is 


(dSo/dt) = (3m/2r*)[v(r-S) — r(v-S)| + '/ov(f-S) — '/f(v-S). (37) 


Again, S may be replaced by Sy on the right side. 
The difference between equations (35) and (37) evidently arises from the differ- 
ence between the CP and Pirani supplementary conditions rather than from the 
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difference between the standard and isotropic forms of the metric. It is therefore 
related to the specification of the representative point (13), at which F is applied, 
as being the center of mass in one or another coordinate system. The specification 
of this point has no physical significance so long as F = 0, and indeed we note that 
equations (35) and (37) agree in this case. However, when F + 0, it will result 
in a torque —e X F about the center of mass, where ¢ is the vector position of the 
center of mass with respect to the representative point. Since measurements are 
to be made by a co-moving observer,*such a torque in his coordinate system is 
instrumental, and to be avoided by applying any constraining force at the center 
of mass in the rest-frame of the gyroscope. This corresponds precisely to the 
Pirani supplementary condition. We therefore conclude that (37) gives (dSo/dt) as 
measured by a co-moving observer when instrumental torques have been eliminated. 


Even when an instrumental torque is present, however, a correction can be made 
for it. When the CP supplementary condition is used, the vector ¢ in the gyroscope 
rest-frame can be obtained by substituting the S)‘* given by the last three of 
equations (28) into equation (14). This gives to first order 


€, = vS,/Mo, é, = —vS,/M. 
Since v is here along x, this may be written in a rotation-covariant manner as 
e = —(v X S)/m. 
Thus when the CP condition is used, we must subtract the instrumental torque 
—e« X F = [(v X S) X F|/m = S(v-f) — vif-S) 


from the rate of change of the gyroscope angular momentum given by the right 
side of (35). When this is done, equations (35) and (37) agree. 

Effects of Earth Rotation and Extra-Terrestrial Objects.—Equation (37) gives the 
rate of change of angular momentum measured by a co-moving observer when the 
central attracting body (the earth) is spherically symmetrical and at rest. The 
effect of the axial rotation of the earth can be included by adding off-diagonal space- 
time components to the metric tensor. These components were computed by de 
Sitter** and by Lense and Thirring.* In the isotropic metric, with the vector 
angular velocity of the earth directed along the positive z axis, the additional 


9 


components are (v7! = x, 27 = y,x* = 2): 


gu = —2lwy/r’, gu = 2Zer/r’, gu = 0, (38) 
where J = 2mR?/5 is the moment of inertia of the earth of radius R, assumed to be 
homogeneous. 

It is not difficult to see that the contribution of (38) to (dS, dt) is the same for the 
four spin equations of motion (18), (20),.(23), and (24), and that it is not affected 
by the transformation to the gyroscope rest-frame. When this contribution is 
added to the right side, equation (37) may be written 


(dSo dt) = Q - So. 
where 


Q = '/.(f K v) + (8m/2r*)(r X v) + (1/r*)[(8r/r?)(@-r) = @|. 
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Simple order of magnitude estimates based on equations (39) and (40) suffice to 
show that the effects of the moon, the sun, and the galaxy are negligible in com- 
parison with the effect of the earth. 

Interpretation of the Spin Equation of Motion.—The form of equation (39) shows 
that the magnitude of the spin angular momentum measured by a co-moving ob- 
server is constant. Thus, if the moment of inertia of the gyroscope does not 
change, the rotation frequency remains constant. As remarked above, the gyro- 
scope then behaves like a clock that can be set to any desired frequency, and this 
frequency will exhibit Doppler and gravitational shifts when observed from outside. 

It also follows from equation (39) that if a number of gyroscopes are traveling 
together with various magnitudes and directions for their angular momentum vec- 
tors, the angles between these vectors, as measured by a co-moving observer, re- 
main constant. The spin axes of all the gyroscopes precess with the common vector 
angular velocity Q given by (40). This precession takes place with respect to the 
inertial frame, which is generally believed to be defined by the distant extra- 
galactic nebulae, the so-called “fixed stars.”” Thus, an experimental verification 
of equations (39) and (40) will consist in essence of a series of comparisons of the 
direction of the spin axis of a gyroscope and particular “fixed stars,’ made at dif- 
ferent times. If the gyroscope is in motion when a comparison is made, the well- 
known correction for aberration must be made.” 

The first term on the right side of equation (40) is the Thomas precession,” which 
is a special relativity effect. It is independent of gravitation, and is present even 
when m is set equal to zero in (34) and (40). The second term is a consequence of 
Hinstein’s theory of gravitation that goes beyond the equivalence principle. Even 
though this term involves only the values of a and y in (2), which can be obtained 
correctly from the equivalence principle, it also involves the equation of motion of 
matter of finite rest mass beyond the Newtonian approximation. It is interesting 
to note that if v is infinitesimally small, so that f given by (34) is equal to (m/r*)r, 
the gravitational precession is three times the Thomas precession, and of the same 
sign. The effects produced by this second term in various special cases have been 
discussed by several authors, notably de Sitter, Fokker,? and Pirani.” How- 
ever, in none of these papers is the differential equation (39) or the full expression 
(40) for the time-varying precession angular velocity Q exhibited, nor is the rela- 
tion between the different possible coordinate systems and supplementary condi- 
tions discussed. 

The third term on the right side of (40) arises from the rotation of the earth, and 
is present even when the gyroscope is at rest. It has the interesting property that 
it is parallel to w at the poles (r parallel or antiparallel to ), and antiparallel to @ at 
the equator (r perpendicular to @). This is physically plausible if we think of the 
moving earth as “dragging” the metric with it to some extent. At the poles, there 
is a tendency for the metric to rotate with the earth, and hence to cause the spin to 
precess in the direction of rotation of the earth. At the equator, we note particu- 
larly that the gravitational field, and hence also the dragging of the metric, falls 
off with increasing radial distance. If, then, we imagine the gyroscope oriented 
so that its axis is perpendicular to that of the earth, the side of the gyroscope nearest 
the earth is dragged with the earth more than the side away from the earth, so 
that the spin precesses in the opposite direction to the rotation of the earth. This 
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third term is also a consequence of general relativity theory that goes beyond the 
equivalence principle, partly because the non-Newtonian equation of motion is re- 
quired, and partly because the off-diagonal space-time components of the metric 
tensor cannot be inferred from the equivalence principle. 

Experimental Consequences.—Two experimental arrangements especially com- 
mend themselves: a gyroscope in a satellite, and a gyroscope at rest in a laboratory 
fixed with respect to the earth. 

The satellite gyroscope is in free fall, so that f = 0. Then for an orbit in the 
earth’s equatorial plane, for example, 


Q = (3m/2r)w — (1/r*)a, (41) 


where w) = (r X v)/r? is the instantaneous orbital angular velocity vector of the 
gyroscope. If m and r are to be expressed in egs units, m/r must be replaced by 
Gm/c’r, where G is the Newtonian gravitational constant and c is the speed of light. 
It is convenient to replace Gm by gR?, where g is the acceleration of gravity at the 
surface of the earth. Then (41) may be written 


Q = (gR/c*)[(3e0/2)(R/r) — (2@/5)(R/r)*], (42) 


where gR/c? = 7.0 X 10~-". It is easily seen that the second term of (42) is never 
more than a per cent or two of the first; thus Q is roughly parallel to @w» even when 
the orbit is not equatorial. For a satellite of moderate altitude, the precession is 
approximately 6 X 10~* radians per revolution when the gyroscope spin axis is in 
the plane of the orbit. 

The laboratory gyroscope is constrained to remain at rest with respect to the 
rotating earth, so that 


v=o Xf, dv/dt = w X Vv. (43) 


The nongravitational constraining acceleration f may then be obtained from equa- 
tions (34) and (43), and substituted into (40). The only experimental parameter 
in (40) is then the latitude \ of the laboratory. It is convenient to write Q in the 
form 


Q = (2gR cos* d/c*) [1 — (w?R/4g) lo + (2g sin A/c*?w)(@ X v) + 
(29R/5c*)(3 sin? — 1)w — (6g sin \/5e’w)(@ X v). (44) 


The first line represents the first two terms of (40), and the second line the third 
term. Each line has been divided into a part proportional to w, which results in a 
secular precesion, and a part proportional to w X v, which contributes nothing to 
the time integral of Q over a whole number of days. Thus the secular precession 
arising from the effect of earth rotation on the metric vanishes when sin \ = 37”, 
or \ = 35°16’. Since w*P/4g, the ratio of centripetal to gravitational acceleration, 
is very small compared to unity, equation (44) shows that the secular part of Q 
is given to good approximation by 


Q, = (4gR/5c?)(1 + cos? Ajo. 


If the gyroscope spin axis is perpendicular to the earth’s axis, the precession is 
approximately 3.5 X 10~-* (1 + cos? \) radians per day. 
In comparing the two experimental arrangements, it should be noted that while 
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the secular precessions per revolution are roughly the same, the period of a satellite 
of moderate altitude is much shorter than a day, so that the precession per unit 
time of the satellite gyroscope will be about 15 times that of the earth-bound gyro- 
scope. Moreover, most of the experimental difficulties that seem to rise with a 
high-precision gyroscope, especially instrumental torques, are greatly reduced if 
the gyroscope does not have to be supported against gravity. On the other hand, 
it is much simpler at present to monitor a gyroscope in the laboratory than in a 


satellite. 
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Some earlier notes! have been dedicated to the analysis of the basic empirical 
fact of microscopic measurement, the existence of incompatible physical proper- 
ties. rom these considerations has emerged the general mathematical structure 
of quantum mechanics, as an operator algebra, and as a geometry. A further im- 
plication is the classification of quantum degrees of freedom by irreducible pairs of 
complementary physical properties, which possess optimum incompatibility and 
generate a complete operator basis. The unitary operators that dominate the 
latter discussion continue to be the objects of interest here. We shall consider, in 
particular, infinitesimal unitary transformations and their composition to form 
finite transformations. In the special example of a particular type of quantum 
degree of freedom, for which the complementary pair of properties have continuous 
spectra, this leads to a powerful tool for the construction of transformation func- 
tions—the action principle. 

The automorphisms of the unitary geometry of states are produced by the unitary 
transformations 


b = oU, U-N, X = U-"XU 
applied to every vector and operator, where the unitary operator U obeys 
Ut = U-", 


All algebraic relations and adjoint connections among vectors and operators are 
preserved by this transformation. Two successive unitary transformations form a 
unitary transformation, and the inverse of a unitary transformation is unitary— 
unitary transformations form a group. The application of a unitary transforma- 
tion to the orthonormal basis vectors of the a-description, which are characterized 
by the eigenvector equation 


(a’\(A — a’) = 0 


yields orthonormal vectors 


that obey the eigenvector equation 
(a’ 


Hence the (@’| are the states of a new description associated with quantities A 
that possess the same eigenvalue spectrum as the properties A. Since all rela- 
tions among operators and vectors are preserved by the transformation, we have 


(a'|\X|a") = (a’|X|a") 


$/a’) = @|\a’). 
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The equivalent forms 
(a’ |X |a”) = (a’|UXU- |a") 
a’|¥ = (a’|U¥, @|a’) = @U-|a’) 
exhibit the d-representatives of operators and vectors as the a-representatives of 
associated operators and vectors. 

As we have already remarked, the basis vectors of any two descriptions, with 
each set placed in a definite order, are connected by a unitary operator. The trans- 
formation function relating the a- and b-representations can thereby be exhibited 
as a matrix referring entirely to the a- or the b-representations, 

(a* |b") = (a*|Ure|a") = (0 |Usa |b’), 
and all quantities of the b-representation can be expressed as a-representatives of 
associated operators and vectors, 
. | . , argo i 
(b* |X |b’) = (a* | UaaX Ure |a) 
, .\ 7 Ps 
(ok |b = (a*|Un¥, &|b*) = €U,, |"). 


If the two sets of properties A and B possess the same spectrum of values, the opera- 
tors A and B are also connected by a unitary transformation. With the ordering 
of basis vectors established by corresponding eigenvalues we have 


B= > bt lb) @ | = D aU. |a*) (at |Ua = Unda. 
k 


The definition of a unitary operator, when expressed as 
(UU —- ny =) + (U — 1) + (U = 1)" = 0, 


shows that a unitary operator differing infinitesimally from unity has the general 
form 


U=14+726,U'=U"=1-4, 
where G is an infinitesimal Hermitian operator. The coordinate vector transforma- 
tion described by this operator is indicated by 
5(a’ | = (a’ | — (a’ | = (a’ iG 
b|a’) = |a’) — |a’) = —iG |a’). 
Now, a change of coordinate system, in its effect upon the representatives of opera- 


tors and vectors, is equivalent to a corresponding change of the operators and vec- 
tors relative to the original coordinate system. Hence 


5(a’ |X |a”) = (a’ |X |a") — (a’ |X |a”) 


= (q’ 6X a”) 


and 


6(a’ |W = (a’ |6W, 6 &|a’) = 5Ia’) 
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where 


and 


| 
6X = UXU"— X = - [X, G]. 
D 


The rectangular bracket represents the commutator 

[A, B] = AB — BA. 
Since all algebraic relations are preserved, the operator and vector variations are 
governed by rules of the type 

6(XY) = 6XY + X6Y 

5(XV) = 6XW + XV. 
One must distinguish between X + 6X and 

X = U"XU = X — &; 


the latter is the operator that exhibits the same properties relative to the d-descrip- 
tion that X possesses in the a-description. Thus the basis vectors (@’| are the 
eigenvectors of A — 6A with the eigenvalues a’. 

In discussing successive unitary transformations, it must be recognized that a 
transformation which is specified by an array of numerical coefficients is symbolized 
by a unitary operator that depends upon the coordinate system to which it is 
applied. Thus, let U; and U2 be the operators describing two different transforma- 
tions on the same coordinate system. When the first transformation has been 
applied, the operator that symbolizes the second transformation, in its effect upon 
the coordinate system that has resulted from the initial transformation is 


U, = U,; UV. 
Hence the operator that produces the complete transformation is 
U,0- = UU,. 


The same form with the operators of successive transformations multiplied from 
right to left, applies to any number of transformations. In particular, if one follows 
two transformations, applied in one order, by the inverse of the successive trans- 
formations in the opposite order, the unitary operator for the resulting transforma- 
tion is 


Ut, = (Ui02)7 UU, = Uppy. 
When both transformations are infinitesimal, 
Ui,2 = 1+ 1G4,2, 
the combined transformation described by 


Uti) a 1G (12) 
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is infinitesimal to the first order in cach of the individual transformations, 


l 
G12) => : Gi, G2} 


—_ — G21). 
The infinitesimal change that the latter transformation produces in an operator is 
5t12)X = 606,.X wap Se 552X , 
which, expressed in terms of commutators, yields the operator identity 
[[X, Gi],G2] — [[X, Ge],Gi] = [X,[Gi, Ge]]. 

The continual repetition of an infinitesimal unitary transformation generates 
a finite unitary transformation. On writing the infinitesimal Hermitian operator 
G, the generator of the unitary transformation, as 67G,, we find that the application 
of the infinitesimal transformation a number of times expressed by 7/67 yields, in 
the limit 67 > 0, 


U(r) = Lim (1 + 167G,)”’ 6r _ ero 


67—0 
These operators form a one-parameter continuous group of unitary transformations, 
U (11) U (12) = U(r + 72), U(r) = U(--9), U(0O) = 1. 


A number of finite Hermitian operators G, . . . G,, generates an n-parameter con- 
tinuous group of unitary transformations if they form a linear basis for an operator 
ring that is closed under the unitary transformations of the group. This requires 
that all commutators [G,, G,| be linear combination of the generating operators. 
To discuss in more detail the conditions for the generation of a continuous group 
of unitary transformations from its infinitesimal elements, we consider the neigh- 
boring operators U(r), U(r + dr) and the two related infinitesimal unitary operators 


U(r) U(r + dr) = 14+ i>.6'7,(7)G, 


a=1 
U(r + dr) U(r)! = 1+ i>> 8'r4(7r)G. 


n 


i'r4(7) = 2; Tar( TAT, 


6'7,(7r) = > lax(r)dr;. 
k 


are two sets of inexact differentials that specify, in alternative ways, the additional 
infinitesimal transformation needed to convert U(r) into U(r + dr), 


U(r + dr) = U(r)(1 + 7 87,4, | 
[1 + i>, 6'14G,|U(r). 
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In the necessary equivalence of these forms we have the statement that unitary 
transformations of the group applied to the operators G, must yield linear com- 
binations of these operators. Hence there exist real n-dimensional matrices U(r) 
and U(r), such that 


U(r )GU = 2G, Uno 
U(r) 'G,U( = LA r)G), 


and which also represent the underlying abstract group in the sense that 
U (11) U (12) 

implies 
U(71)U(72) 

and 
UW(71)U(72) = U(r). 

The connection between the two types of differentials is expressed by 


lax = LAa(7) 7) nx ( T) 


ry(t) = DUao(r)lax(r), 


a 
and 
UW = (U7)-", 
When U(r) is the infinitesimal transformation 
U(ér) = 1 + iorG,, 
we have, correspondingly, 
U(r) = 1 + iL brag 
W(57) = 1 + tLitaGa, 


where 


and thus 
IG, G,| = pe OE 


with 
Jare = (9) ac = —~Qacd- 


Furthermore, the n-dimensional imaginary matrices g, and g, must possess the same 
group multiplication properties as the operators G,, which is to say that 


(go, Jc] - Fadia, 
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or 
2a [deard sre + GersGiea + Gees sad | = 0. 
The equations that define the inexact differentials 5’7, and 6'r, provide differential 
equations for the U(r) as functions of the group parameters 7;, 
a ae : 
= =~ U(r) = U(r)LU Garax(r) 
1 Or; a 
rg Galax T) l ‘(r). 


In order that a unique transformation be associated with every set of group param- 
eters, the operator differential equations must obey the integrability conditions 


6) re) : 
[2 2]me-« 


which imply the two sets of numerical equations, 


e 


re) o ii 
eo ae + i abc! ok’ com >= 0 
aie be k 2 Jabdcl ok 
and 
ra) ra) 
——j.~-—l.-—1 aduten = 0. 
Or; OTm , »» g = 


These equations, in turn, must satisfy integrability conditions that, for example, 


express the vanishing of 
) ( fe) o ) 
we Sel oe eee 
Or; \Or; OT m 


when the two additional terms obtained by cyclic permutation of klm are added. 
It will be verified that the resulting restrictions are just the quadratic equations 
obeyed by the elements g,,,._ Thus, the chain of integrability conditions terminates 
with the algebraic equations that express the isomorphism of the commutation rela- 
tions obeyed by the n-dimensional matrices g, with those of the operators G,. 
Incidentally, if the integrability conditions for U(r) are expressed with the aid of 
both left and right differential forms, we infer that 
Rd lam(7) oe 2 Uan( 7) = Tox(T). 
Or; D Tm 

The multiplication law of the group is described by the relations among the 

parameters in the unitary operator product 


U(r) = U(m)U (72) 
tT = 7(71, 72). 
An infinitesimal change of the set 7; induces a corresponding change in 7, and 


(1 + iQ08'ta(7)Ga)U(r) = (1 + 1Q06'ra(71)Ga)U (71) U (172) 
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whence 


b'ta(r) = 6'rq(71). 


The resulting system of differential equations (Maurer-Cartan) 


Dilax(1)dr4 _ Dlax| Ti )d7,, 


in combination with the initial condition (which employs the convention U(O) = 1) 
7™ = 0: T2, 


serves to determine the composition properties of the group parameters. The same 
function is performed by the second set of differentials 


i’r_(r) = 8'74(72) 
and the initial condition 
T2 = 0: T = Tie 


The correspondence between operators G, and matrices g, persists under a change 
of operator basis, to within the freedom of matrix transformations that preserve 
algebraic relations. Thus, the nonsingular transformation 


G, = 2, Gre 
a 
induces 


By = A—"(D gadar)A, 


which follows from 

U(r) = A“"U(7)A 
and 

dtz = >> Nap 57». 

i 
The choice of parameters is also arbitrary within the class of nonsingular transforma- - 
tions r—> 7’. Such a change does not affect the inexact differentials, 
ér, = 6r,’, 

and thus 


Or; 


bout = la ae 
(7°) p> (7) ae, 


for example. Through these possibilities of basis and parameter transformation, 
one could achieve the identity of the inexact and exact differentials in the neigh- 
borhood of the unit operator. This would be expressed by adding the initial condi- 
tions 

Tav(O) > lan(O) nie bap 


to the corresponding differential equations. 
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A special set of parameters ¢,, called canonical, maintains this identity along 
any straight line drawn from the origin of the ¢-parameter space. That is to say, 


64%, = ot, = di, 


when 
di, = ant,. 


The significance of these parameters emerges from 
U((A + da)t) = (1 + ddd 4,G,) Ut) 
U(At)(1 + td dotaGa) 


for, with continuously variable \, we have a one-parameter subgroup that includes 
any chosen unitary transformation of the group, which is thereby given the ex- 
ponential form 


a=1 


U(t) = exp E = Ge] 

The canonical parameters are consistent with the general requirements of the 
theory and permit an explicit evaluation of r,,(t) and l,,(t). Note that the identity 
of 6’t and 6't for dt = d\t is expressed by 

2, Uelbt. = te 
where | 


u(t) = exp [i Litege|. 


The necessary and sufficient condition for this to hold is 
0 ea, X (Ltn ace axa LiGarelol. 


and that result is assured by the antisymmetry of g,), in the last pair of indices. 
The basic property of the canonical parameters is conveyed by 


b> Tal(t)t = z) lan(t)ty = te. 
b 


b 
These statements can be usefully combined with the differential equation 
re) fe) 
aE l. (t) — Uaclt Pay Tee(t 
ot,” 2 Uadlt) 37 Pelt 


by multiplication of the latter with ¢, followed by a summation over this index. 
The result, 


re) 
(x t, dt, + 1) lan (t) = Uar(t) 


can also be presented as the matrix equation 


oO 
Dn [AL(At) ] = UAL) = 
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in an evident notation, which gives the explicit construction 
l(t) = So dre™ = (ce — 1)/igt. 
Similarly, 
r(t) =e U(t) = (1 — e™) /igt 
= I(-2), 


and the last property is characteristic of the canonical parameters, for which 


U(d-' = U(-b 
and 
t = th, bk) = —U—b, —ht). 


A simple illustration of these considerations is provided by a group of three 
parameters that is defined by the commutation relations 


(Gi, Ge] = 1G, (Gi, G3] = (Ge, Gs] = 0. 
The only nonvanishing g elements are 
Ju2 = —G3n = 2 
and the quadratic equations for g,,, are satisfied, particularly since 
Jago = O 
while g3 is the null matrix. It follows from these algebraic properties that 
=l1+ a(git + gote) 
and therefore 
= 1 + '/ot(gili + gots), 
or equivalently 
6't; = dt, b'te = dte 
6'ts = dts — '/o(tidte — tedts). 
The resulting group parameter composition law, in the notation ¢ = ¢(t’, t”), is 
given by 
h=t' +t", ty = te’ + t,” 
ts = ts’ + ts” — 1/o(ty’te” — te’t)”), 
which expresses the unitary operator multiplication property 
oh oiGt" — exp [1G(t’ + t”) — 1/Gs(th'te” — te’ty”)). 


The additional G; term of the latter exponential can also be written as a multiplica- 
tive factor, since this operator is commutative with the others. 
It is precisely this example that is supplied by the unitary operators associated 
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with the quantum degree of freedom labeled » = ~. The transition to the limit 


of infinite v is accomplished by writing 


i 


U =<! 


and, with the notation 


the operator basis elements 
necome 


validity of which will be seen shortly, refers only to the limit 


The last version, the 
The identity 


©. where the numbers q’ and p’ become continuously variable 


4 > 


f the first two unitary operators asserts that 


fa) 


or equi alently for v 


=p—p*, 


ind the limit of infinitesimal qg’ and p’ in these unitary transformations implies that 


la, pP}) = —Ip, @) = +. 


Thus, 9, p, 1 or p, —q, 1 possess the properties ascribed to G,23, in the preceding ex- 
ample. If the general unitary operator of this group?’ is written 


U(q'p'¢’) = expli(¢y’ + pq’ — p’q)), 


the group multiplication law reads 
U(q'p'¢')U(q"p"¢") = U(q’ jf. q”, p’ a: p", ¢’ 4. o” Srl (p’q” re p”q’)) 


and the previously mentioned equivalence of unitary operators appears as the spe- 


cialization 
U(q'p'0) = U(q'00)U (Op’0) U (00, '/2p’q’) 
= ('(0p’0)U'(q'00)U (00, —'/sp’q’) 
The elementary unitary transformations that compose the group, which we term 
the special canonical group, are the phase factors exp(zg’), which leave operators 
unaltered, the transformation 


U(q’) =e" 


which induces 


gem aie =p, 
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and 


U(p’) = ¢- ip’a 


*¢@ 29 2-¥%; 

The infinitesimal versions of the last two transformations are 
U(éq) = 1 + tpéq, U(ép) = 1 — pq, 

so that p and —q can be identified as the Hermitian operators that generate unit 
changes in q and p, respectively. These infinitesimal generators, G, and G,, can 
be regarded as members of the class of generators 

Gy, = Apigq — (1 — A)épg. 
that produce changes in g and p of amounts \ég and (1 — A)ép, respectively. The 
difference of two such generators is 

G, — Gy = (A — X’) (pig + Spg) = (A — d’)d[pq] 

where 6 refers to the infinitesimal transformation that alters gq and p by 6g and 6p, 
respectively. In particular, for \ = '/. we have 

Gy,» = '/2(poq — dpq) 
which symmetrically generates changes in g and p of '/26q and '/25p._ Note that 


G — G, = 5['/opq| 


q ; , p 
and 


G, — G, = 6\pgq). 


q 
It can be remarked here that the discussion of one degree of freedom of type v = © 
is extended to n such continuous degrees of freedom by the systematic notational 
interpretation : 


n 


ye = 2; Prk- 


We are now going to examine the construction of finite unitary transformations 
from infinitesimal ones for a physical system of n continuous degrees of freedom. 
Thus, all operators are functions of the n pairs of complementary variables q;, p,, 
which we denote collectively by x. Let us consider a continuous set of unitary 
operators labeled by a single parameter, U(r). The change from 7 to 7 + dr is the 
infinitesimal transformation 

1 + idrG(za, 7), 
which includes a possible explicit 7 dependence of the generator, and 
U(r + dr) [1 + tdrG(x, 7) |U(r) 
U(r) (1 + idrG(x(r), r)] 


where 


xz (r) = U(r) 2U (7) 
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are the fundamental quantum variables of the system for the description produced 
by the transformation U(r). The accompanying state transformations are indi- 
cated by 

{a’|\U(r) = (a'r 


U(r)—b’) = lb’). 


A useful representation of the unitary transformation is given by the transformation 
function 


| y , oe 
(a'r, |b’r2) = (a’|U (71) U (72) — |b’) 
which includes 


(a'r b’0) = (a’|U(r) |b’), 


the matrix of U(r) in the arbitrary ab representation. The relation between in- 
finitesimally neighboring values of 7 is indicated by 


(a’r + dr{b’r) = (a’r | [1 + idrG(x(r), 7)| |b’) 
= (a’|(1 + idrG(z, r)]|b’). 


The general discussion of transformation functions indicates that the most com- 
pact characterization is a differential one. Accordingly, we replace this explicit 
statement of the transformation function (a’r + dr |b’r) by a differential descrip- 
tion in which the guiding principle will be the maintenance of generality by avoiding 
considerations that refer to specific choices of the states a’ and b’. We 
note first that the transformation function depends upon the parameters 7, 7 + 
dr and upon the form of the generator G(x, 7). Infinitesimal changes in these 
aspects [6”] induce the alteration 

6"(r + drir) = i |6"[drG(x, r) | 
= Ur + dr|6"(drG(x(r), 7) | /7), 

where the omission of the labels a’, b’ emphasizes the absence of explicit reference 
to these states. Yet some variation of the states must be introduced if a sufficiently 
complete characterization of the transformation function is to be obtained. For 
this purpose we use the infinitesimal transformations of the special canonical group, 
performed independently on the states associated with parameters 7 and 7 + dr[6’]. 
Thus 

67 t+ dr) = U(r + driG,(r + dr) 

6’ |r) = —1G,(7) |r) 
in which the infinitesimal generators are constructed from the operators appropriate 
to the description employed for the corresponding vectors, namely 2(7 + dr) and 
x(r). It is convenient to use the symmetrical generator G,, which produces 
changes of the variables x by '/26x. Then 
'/op(r)bq(r) — bp(r)q(r) 

which, with the similar expression for G,(7 + dr), gives 


6 + drir) = ir + dr\(G,(r + dr) — G,(r)||7), 
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where 
G(r + dr) — G(r) = '/2[p(r + dr)dg(r + dr) + dp(r)q(7) — 
p(r)8q(r) — dp(r + dr)q(r + dr)], 


and the 6x(r), d6a(7 + dr) are independent arbitrary infinitesimal numbers upon 
which we impose the requirement of continuity in r. 

The infinitesimal unitary transformation that relates x(7) and x(r + dr) is ob- 
tained from 


alr + dr) = U(r + dr) x (7 + dr) 


(1 — tdrG(x(r), r)] x(7) [1 + tdrG(x(7), 7) ] 


u(r + dr) = x(r) — (1/2) [2x(7), drG(2(7), 7) I. 
Accordingly, one can write 
G(r + dr) — G(r) = '/2[p(r)dq(r + dr) + bp(r)q(r + dr) — 
p(t + dr)ég(r) — bp(r + dr)q(r)| — (1/2) [p(r)dqg(r) — Sp(r)q(7), 
drG(a(r),7)| = 8’['/o(p(r)q(r + dr) — p(t + dr)q(r))| + 
(1/2) (drG(a(r), 7), G(r) + G,(7)] 


G(r + dr) — G(r) = 8’['/2(p(r)q(r + dr) — p(t + dr)q(r)) + drG(2(r), 7)] 


in which 6’ is used here to describe the change of g, p by 6g and ép, occurring inde- 
pendently but continuously at 7 and + + dr. The two species of variation can 
now be united: 6 = 6’ + 6”, and 


ir + drir) = U(r + dril6[W]\r), 
where 


W(r + dr, r) = '/o(p(r)q(r + dr) — p(t + dr)q(r)) + drG(x(r), 7) 
= '/,(pdq — dpq) + drG. 


Our result is a specialization of the general differential characterization of trans- 
formation functions whereby, for a class of alterations, the infinitesimal operator 
5W is derived as the variation of a single operator W. This is a quantum action 
principle® and W is the action operator associated with the transformation. 

We can now proceed directly to the action principle that describes a finite uni- 
tary transformation, 


5(71 | 72) = 2(71 |6[ Wie] | 72 


for multiplicative composition of the individual infinitesimal transformation func- 
tions is expressed by addition of the corresponding action operators 


Wi = >> W(r + dr, 7) 


- Bs. [!/s(p(r)dq(r) — dp(r)q(r)) + drG(a(r), 7)). 
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As written, this action operator depends upon all operators x(7) in the 7 interval 
between 7; and 72. But the transformations of the special canonical group, applied 
‘eo ; 
to (71 | 72), give 
| “¢ y ’ | \ 

6’ ef | T2) = UT) [G,(71) ai (7,( 72) | 72) 
which is to say that 6’W,. does not contain operators referring to values of 7 in the 
open interval between 7; and 72, or that Wj. is stationary with respect to the special 
variations of x(7) in that interval. Indeed, this principle of stationary action, 
the condition that a finite unitary transformation emerge from the infinitesimal 
ones, asserts of g(r), p(7) that 


dq_ OG dp OG 
7 a Oq 


, ’ 


dr Op 


which are immediate implications of the various infinitesimal generators. 
The use of a single parameter in this discussion is not restrictive. We have only 
to write 


dr; (7) 


p 
G(x, r) = > G,(2, 7) 
k=1 


dr 


with each dr,/d7 given as an arbitrary function of 7, and then regard the transforma- 
tion as one with p parameters, conducted along a particular path in the parameter 
space that is specified by the p functions of a path parameter, 7;,(7). Now 


W.. = Bis. [!/o(pdq — dpq) + > G,(x(r), r)dr; | 
k 


is the action operator for a transformation referring to a prescribed path and gener- 
ally depends upon that path. If we consider an infinitesimal path variation with 
fixed end points we find that 


Spath Wie ws 5 ibe » ' (67,d7, sk 67 dr.) Ry, 
kl 


where 


2 2 
Ruy = 5G, — =~ Ge + = (Gx, G] 


Or;. Or, 
7 Rx. 


The vanishing of each of these operators is demanded if the transformation is to be 
independent of path. When the operators G,(x, 7) can be expressed as a linear com- 
bination of an equal number of operators that are not explicit functions of the param- 
eters, G,(x), the requirement of path independence yields the previously con- 
sidered conditions for the formation of a group. 

We now have the foundations for a general theory of quantum dynamics and 
canonical transformations, at least for systems with continuous degrees of freedom. 
The question is thus posed whether other types of quantum variables can also be 
employed in a quantum action principle. 

* Publication assisted by the Office of Scientific Research, United States Air Force, under con- 
tract number AF49(638)-589. 
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1 These PROCEEDINGS, 45, 1542 (1959); 46, 257 (1960); and 46, 570 (1960). 

2 The group can be obtained directly as the limit of the finite order group associated with each 
v. That group, of order v3, is generated by U, V, and the vth root of unity given by VUV'U~™. 
Some aspects of the latter group are worthy of note. There are »? + » — | classes, the commu- 
tator subgroup is of order v, and the order of the corresponding quotient group, v?, is the number 
of inequivalent one-dimensional representations. The remaining » — 1 matrix representations 
must be of dimensionality v, v? = v? + (v — 1)v?, and differ only in the choice of the generating 
vth root of unity. That choice is already made in the statement of operator properties for U and 
V and there can be only one irreducible matrix representation of these operators, to within the 
freedom of unitary transformation. 

3 In earlier work of the author, for example Phys. Rev., 91, 713 (1953), the quantum action 
principle has been postulated rather than derived. 


CAFFEINE CONTRACTURE* 
By Dorotuy ConwayT AND TosHio SaKaltr} 
THE ROCKEFELLER INSTITUTE 
Communicated by George W. Corner, April 25, 1960 


Introduction.—A number of observations show that the activation of the myo- 
plasm is preceded by depolarization of the excitable membrane. This intimate 
association of two characteristic features of muscular activity led to the conclusion 
that “depolarization is the essential thing” in myoplasmic activation. ! 

tecent experiments, however, suggest that the membrane potential change is a 
“priming step” only,’ and it has been shown that an electrical current,* * calcium,‘ 
and iodide® can activate depolarized resting muscle without membrane potential 
change. These observations were interpreted to mean? that a calcium step is more 
directly linked to myoplasmic activation than is depolarization. Similar views 
are implied in the articles of Sandow® and Frank.’ 

On the other hand it has been shown that a variety of pharmacological agents 
lose their characteristic “activity promoting” effect on the smooth muscle of the 
uterus if either its excitable membrane is drastically depolarized*: ? or it is rendered 
“Ca-deficient.”® This observation and also the fact that current, calcium, and 
iodide only activate muscle after the priming effect of depolarization suggest that the 
membrane potential change is an essential step in normal activation even if it is 
insufficient in itself to evoke myoplasmic activity, or if it is not directly linked to 
such activity. 

These conclusions are challenged by Evans, Schild, and Thesleff,!° who claim 
that characteristic pharmacological effects can be induced on completely depolarized 
smooth muscles. Csapo? pointed out that strictly isometric recording carried out 
for a long period of time (after the administration of the drug) should cancel the 
differences in the findings. Only isometric and prolonged recording brings out the 
fact that the normal muscle responds to activity-promoting agents with a series of 
contractions repeated over a period of several hours, whereas the depolarized muscle 
develops only an abortive contracture of small amplitude. However, Axelsson and 
Thesleff!! reported that caffeine activates cross-striated muscle which has been 
completely depolarized with isotonic K.SO, for several minutes, and that caffeine 
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can also activate without a significant change in membrane potential. We now con- 
firm both of these observations. These results might be interpreted to mean that 
depolarization is not an essential requirement of normal activation. This con- 
clusion, however, is unjustified since our experiments show that effective caffeine 
treatment leaves behind irreversible changes and thus the caffeine response is far 
from being physiological. The injurious effects of caffeine on muscle fibers has 
long been recognized.!*: 1% 

Methods.—The experiments were performed on the retractor penis muscle of 
the turtle, Chrysemis picta, and on the sartorius of the frog, Rana pipiens. From 
the latter were prepared single fibers for microscopic observation. 

The composition of the turtle Ringer was as follows: 120 mM/1 NaCl, 2.5 mM/1 
KCl, 2.5 mM/1 NaHCOs, and 1 mM/1 CaCle. 

The composition of the frog Ringer was 110 mM/1 NaCl, 2 mM/1 KCl, 12 
mM/1 NaHCOs, and 1.8 mM/1 CaCl. 
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Fic. 1.—Turtle, retractor penis, 25°C. 
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The caffeine solutions were made as required, from stock solutions of 10~? w/v 
caffeine in Ringer and in isotonic K.SOx,. 

The experiments were performed, unless indicated otherwise, at room tempera- 
ture ranging from 20—25°C, which is optimal for these muscles. 

For isometric tension recording, the muscle, usually the retractor penis, was 
mounted vertically in an open-ended glass tube of about 22 ml capacity. The 
lower end of the tube was closed by a rubber stopper which had two inlets, one 
for gas, and another enabling quick removal of the solution. A mixture of 97 per 
cent O, and 3 per cent CO, was kept bubbling through the solution continuously 
during the experiments. One end of the muscle was tied to a hook firmly fixed in 
the stopper, and the other end was attached, by a hook and fine silver chain, to a 
Grass FT10 force displacement transducer. The output was recorded on paper by 
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a Grass ink writer, either the Polygraph or the Model 111. The stimulus was 
applied between two silver wire ring electrodes, the 60 ¢/s mains current being 
used throughout, each stimulus being of 1.5 V/cm, and of 2 sec duration. The 
muscles were mounted at resting length, at which the tetanus response was maximal. 

The membrane potentials were measured using conventional microelectrodes of 
tip diameter 0.5 micron or less, filled with 3. KCl as described by Fatt and Katz" 
and Tasaki et al. A freshly dissected retractor penis muscle was mounted in a 
rectangular lucite chamber of about 40 ml capacity, properly oxygenated. The 
muscle was viewed through a binocular dissecting microscope. 

Single fibers, or pairs of fibers, were isolated from the sartorius and placed in 
isotonic KsSO, on a glass slide. The fibers were photographed through a phase- 
contrast microscope at a magnification of 75. The K»SO, solution was then re- 
moved as much as possible, and replaced by a solution of caffeine (1 X 10~* w/v) 
in KeSO,. 

The control muscles (sartorius and retractor penis) were tied to glass rods at 
resting length and immersed in buffered 2 per cent osmic acid for 1 hr. The test 
muscles were immersed in isotonic K.SO, solution for 30 min, and then placed in 
0.25 X 10-* or 0.5 X 10-* w/v caffeine for periods of 2, 5, 10, and 15 min. The 
tissue was imbedded in a mixture of methyl and butyl methacrylate. Polymeri- 
zation, aided by the catalyst benzoyl peroxide, was carried out for two days at 
50°C. Ultrathin sections were cut with a Porter-Blum microtome, mounted on 
formvar coated copper grids and stained with lead acetate and phosphotungstic 
acid. The observations were made with the RCA EMU and the Siemens electron 
microscope. 

Results.—The recovery of muscle in normal Ringer after treatment with iso- 
tonic K.SQ, is satisfactory. Figure 1 illustrates that the recovery is 75 per cent 
after 10 min, and 95 per cent after 30 min. There is no further loss of excitability 
and tension on repeating the procedure. The good recovery after isotonic K.SO, 
depolarization has been known for a long time."* '’ Recovery after treatment 
with caffeine is greatly reduced as indicated by a significant loss of tetanus tension. 
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The loss in tension is proportional to the concentration of caffeine administered 
(lig. 2) and the duration of treatment (lig. 1), i.e., the contracture is a measure of 
the extent of injury. This loss of tension occurs whether the caffeine is in isotonic 
K.SO, or in Ringer. 

Figure 2 (right) illustrates that 0.25 & 10~-* w/v caffeine is ineffective in inducing 
contracture at 25°C. A concentration of 0.5-1.0 X 10~* w/v on the other hand, 
triggers considerable contracture tension; and it is this effective concentration 
range of caffeine which impairs recovery (Tig. 2, left). 

Quinine and CHCl; both trigger contractures in the completely depolarized 
muscle, but these as well as caffeine leave behind irreversible changes. 

We found, corroborating the results of Axelsson and Thesleff,!' that there is no 
marked lowering of the resting potential on treatment with caffeine; a concentra- 
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tion of 0.25 X 10~* w/v lowers the membrane potential no more than by 10 mV. 
The resting potential recovers by 90 per cent within 20 min in normal Ringer, 
after 30 min treatment with K.SO, (Fig. 3). After 5 min treatment with 1.0 x 
10~* w/v caffeine in K,SQ, (in addition to a 30 min treatment with K.S0,), the 
membrane potential recovers not only very slowly, but also only partially. 


The threshold caffeine concentration for contracture at room temperature is 
0.5 KX 10~* w/v; 0.25 X 10~* has no effect (Figs. 2 and 4). If the temperature 
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is lowered for 30 sec to 0-4°C, however, the joint effect of subthreshold caffeine 
and low temperature triggers contracture. The contracture can be reversed by 
raising the temperature. A succession of contractures can be produced by such 
changes in temperature from 25 to 4°C and back again. Figure 4 illustrates these 
findings in the turtle muscle. The toe muscle of the frog gives similar results. 

This temperature effect is not specific for caffeine; K»SO, (13.5 mM/1 in Ringer) 
gave similar results. 

A concentration of 1 X 10~* w/v caffeine is too strong to study its harmful 
fects on the structure of single fibers. In less than two minutes this concentration 
produced complete destruction. A concentration of 1 & 10-4 w/v, which is sub- 
threshold for contracture, was therefore used (Fig. 5). The fibers were first photo- 
graphed under the phase contrast microscope in K,SO, and then in caffeine + K.SOx. 
The first observable effect of caffeine is a succession of contraction waves along 
the length of the fibers. This is followed by spontaneous disorganized twitching. 
At this stage the striations are still visible. The third stage involves complete 
disintegration of fiber structure. 

Discussion.—Caffeine triggers contracture in a variety of muscles as reported 
by Axelsson and Thesleff!' even after the membrane has been completely depolar- 
ized by isotonic K.SO,. That the caffeine contracture is unpbysiological is evi- 
denced by the impairment of muscle function and structure. 

Whereas the muscle recovers its original tetanus tension very quickly in normal 
Ringer after treatment with 95 mM/1 K.SO,, there is a significant loss of tension 
if caffeine has been added to the isotonic K.SO,. The loss of tension is proportional 
to the concentration of the caffeine and the duration of treatment. 

Recovery of the resting membrane potential in normal Ringer 20 min after con- 
tracture with 95 mM/1 K.SQ, is 95 per cent of the original. But 30 min after a 
caffeine contracture the potentials measured in normal Ringer show considerable 
scatter, ranging between 10 and 75 per cent of the original. 

Under the microscope the muscle fibers appear perfectly normal in a solution 
of 95 mM/1 K»SO, but very quickly after caffeine treatment the fibers become 
visibly destroyed. 

Because of these drastic irreversible changes accompanying contractures brought 
about by caffeine, quick freezing’ CHCl; and quinine, it appears inadvisable to 
draw conclusions from their respective effects concerning the activation process in 
muscle. 

* The work reported in this paper was supported in part by a grant from the Muscular Dystrophy 
Associations of America, Inc., New York. 

+ Present address: Department of Biochemistry, University College, Dublin, Ireland. 

t Present address: Department of Physiology, Jikei-Kai School of Medicine, Tokyo, Japan. 
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THE EFFECT OF K+, CA*™*, I~, AND TEMPERATURE ON 
THE CONTRACTURE OF TURTLE MUSCLE* 
By Dorotuy CoNWaAyT AND BRIAN CURTIS 
THE ROCKEFELLER INSTITUTE, NEW YORK CITY 


Communicated by George W. Corner, April 25, 1960 


Introduction.—The action of the K ion in causing muscular activity has been 
known since the end of the 19th century, and the contractures induced by excess K 
treatment in striated muscles have been studied extensively. However, it was not 
until 1946 that Kuffler,' using improved techniques for measuring membrane po- 
tentials, revealed the relation between membrane and mechanical activity. He 
also showed that any agent which depolarizes the membrane causes contracture. 
The fact that in Kuffler’s experiments a certain concentration of K was needed to 


elicit contracture led to the idea of a ‘‘threshold”’ level.” 

Katz,’ Sandow,‘ and others extended and confirmed these observations, showing 
that depolarization, elicited by an action potential or some other process, invariably 
results in activation of the myoplasm. There is little doubt that depolarization is 
an essential first step leading to contraction. Recent observations, however, favor 
the view*: * that there is at least one other step involved in the sequence of events 
resulting in myoplasmic activity; that is, depolarization and activation are not 
directly linked. The procedure which proved to be particularly useful in studying 
the reactions intervening between membrane and myoplasmic activity was to 
depolarize the excitable membrane by excess K and investigate how contraction can 
be triggered in such resting, so-called “primed’® muscles without change or in 
spite of a slight increase in membrane potential.® 7: * 

Methods.—The preparation used throughout was the retractor penis muscle 
of the turtle, Chrysemis picta. This is a comparatively slow striated muscle which 
is very suitable for the recording of graded contractures. In most of the experi- 
ments we used both “legs” of this bifid muscle, except in a few cases when we used 
only one. The muscle is easily removed from the animal, after being freed from 
connective tissue along its length. It is about 7 em long and has a relatively high 
degree of uniformity, especially in young animals. Before each experiment the 
maximum tetanus tension of the intact, whole muscle was measured. If the value 
was less than about 60 gm. for the whole muscle or 30 gm. for the “‘single-legged”’ 
muscle, the preparation was discarded. 

The preparation was mounted in a vertical glass tube of 22 ml capacity. The 
bony end was tied to a hook firmly fixed in a rubber stopper closing the lower end 
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Fia. 1.—Turtle, retractor penis, 25°C. 


of the tube. An inlet through the stopper provided oxygen flow, and another 
served for quick exchange of the Ringer solution. The upper tendinous end of the 
muscle was tied to a fine silver chain, suspended from a force-displacement trans- 
ducer (Grass model F'T10) whose output was recorded with a Grass Polygraph ink- 
writer. 

Isometric recording was used throughout, so as to measure accurately the extent 
of activation. 

The tetanic stimulus employed was a.c. 60¢/s, 1.5 v/em of 2 sec duration, applied 
between two ring-shaped silver wire electrodes. 

The normal Ringer had the composition: 120 mM/1 NaCl, 2.5 mM,'1 NaHCOs, 
2.5 mM/1 KCl, and 1 mM/1 CaCl. A mixture of 3% CO. and 97% Os was 
bubbled continuously through the Ringer. 

The excess K solutions were made by substituting KCl for an equivalent amount 
of NaCl in the normal Ringer. Occasionally, as indicated, the KCI concentration 
was increased without an adjustment in the NaCl concentration. 

The iodide Ringer was made by substituting Nal for NaCl in the normal solu- 
tion. 

Except where indicated otherwise, the temperature was 25°C. 

Contractures were recorded until maximum tension was reached. The Ringer 
was then changed back to normal and the muscle was allowed to recover. The 
extent of recovery was judged by the return of the original tetanus tension. 

Results —When the retractor penis muscle is treated suddenly with a Ringer 
containing a concentration of KCl greater than 20 mM_/1, it immediately goes into 
contracture. The slope of rise and the maximum tension increase as a function of 
the K concentration (Fig. 1A). 

Maximum tension is recorded within 1—3 min, depending on the K concentration. 
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Contracture is immediately suspended by return to normal Ringer. Between con- 
tractures the muscle is kept in normal Ringer for a time (usually 30 min) to recover 
its maximum tetanus tension. 

If the muscle is exposed to a solution containing 20 mM/1 KCI there is no con- 
tracture (Fig. 1B). If the K concentration is increased beyond this value by 
adding excess KCl at the rate of about 1 mM/1/min (broken line) no contracture 
develops even when the K concentration greatly exceeds the threshold value 
(=25 mM/1). However, a sudden further increase in the K concentration will 
elicit contracture, the size of which depends on the magnitude of change and on the 
precontracture K concentration. Contracture is triggered by a sudden increase 
of 10 mM/1. in the external KCl, even when the precontracture level is as high as 
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Fig. 3.—Turtle, retractor penis, 25°C. 


50 mM/1. In Figure 16 the contracture tension induced by a change from 2.5 
mM/1 to 35 mM/1 Ringer is compared with the tension induced by a change 
from 25 to 35 mM/1 and from 35 to 45 mM/1 KCl. 

Once the muscle has been pretreated with a concentration of KCl insufficient 
to trigger contracture, it can be activated by iodide in a concentration which is 
ineffective on the untreated muscle. Figure 2A shows two successive contractures 
elicited by a mixture of KCl and Nal, each of which are ineffective by themselves. 
Contracture is suspended when iodide is removed from the solution. At least four 
successive contractures can thus be obtained by adding and removing Nal in the 
18mM/1 Ringer. 

tinger containing iodide can produce contracture even when the K concentration 
is decreased from a higher to a lower value. For example, in a muscle pretreated 
with 18 mM/1 KCl, a contracture can be induced with iodide in spite of lowering 
the K concentration from 18 to 12 mM/1 (Fig. 2B). 

Contractures of similar magnitude were induced by a variety of solutions in 
which the sum Nal + KCl was equal to 75 mM/1 (Fig. 2C). The minimum effec- 
tive Nal concentration was 7 mM/1 and the minimum KCl concentration was 10 
mM/1, if KCl and Nal were jointly applied. 

Contracture induced in a muscle previously rendered nonpropagating (by excess 
K treatment or by choline chloride) is less than in an untreated control (Fig. 3A). 
This suggests that a fraction of the tension developed is due to propagated activity. 
If the muscle is stimulated electrically at the peak of contracture, additional tension 
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develops repeatedly with each stimulus. This tension decays as a function of the 
time of exposure to excess K. This suggests that either part of the muscle remains 
propagating during contracture, or else it acquires great sensitivity to current 
shortly after depolarization. The contracture tension in our experiments was 
never more than about 70 per cent of the maximum tetanus tension. 

Decrease in temperature causes an increase in the contracture tension (Fig. 3B). 

Pretreatment with excess Ca results in a decrease in contracture tension (Fig. 4A), 
the effect being proportional to the concentration of the Ca and the duration of 
treatment. Ca deficiency has the opposite effect. 

Having found that the rate of K depolarization, Ca concentration, tempera- 
ture, etc., profoundly affect. contracture, we studied the effects of these factors 
on the recovery of the membrane potential and of the tetanus tension after con- 
tracture. We found that the rate of recovery depends on the K concentration used 
to elicit contracture (Fig. 5A), on the Ca concentration of this solution (Fig. 5B), 
and on the Ca concentration of the recovery solution (Fig. 5D). Csapo and Wilkie® 
have shown that the recovery was much delayed at low temperature; in our ex- 
periments we found that the effect of temperature can be at least partially re- 
versed by increasing the external calcium concentration (Fig. 5C). When the 
recovery of both the membrane potential and the tension is measured at different 
temperatures, after 30 min treatment in 24 mM/1 excess K, and Ca-free Ringer 
(Fig. 6), it becomes evident that the return of the propagated response is more 
strongly affected by temperature than is the membrane potential. 
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Fig. 6.—Turtle, retractor penis, 25°C. 


Discussion.—It appears that there is no true threshold K concentration for con- 
tracture. The rate and magnitude of depolarization induced by K are as critical 
as the actual value reached. If the rate of increase of the external K concentration 
is not sufficiently rapid, no contracture develops. The muscle, however, has not 
lost its contracture potency when slowly depolarized, as shown by the fact that it 
can be triggered either by a sudden increase in the external K or by iodide, which is 
not a depolarizing agent. This indicates that some reaction (or series of reactions) 
subsequent to depolarization is more directly linked to activation of the contractile 
process than is depolarization itself. Furthermore, the effects of Ca and low tem- 
perature cannot be explained by direct action on the membrane potential. This 
same point is brought out by the discrepancy between membrane potential and 
propagation in muscles recovering from excess K treatment at low temperature. 

It is interesting that nonpropagating muscles develop less contracture tension 
than the propagating control. In all our experiments the contracture tension was 
never equal to the tetanus tension despite the fact that, in this muscle, diffusion is 
of limited consequence; for we found that the contracture tension is comparable 
to that observed with single fibers, i.e., 1.5 to 2.7 kg./cm?, cross-section area. 

Taking these results in conjunction with those previously reported from this 
laboratory,‘ it appears that depolarization and myoplasmic activity are not directly 
linked. The possibility, discussed by Conway and Sakai in the following article, 
seems to remain open that internal currents, generated during membrane activity, 
may effectively contribute to the triggering of a temporarily sensitive contractile 
machinery. 

* The work reported in this paper was supported in part by a grant from the Muscular Dys- 
trophy Associations of America, Inc., New York. 

* Present address: Department of Biochemistry, University College, Dublin, Ireland. 
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THE SENSITIVITY OF NONPROPAGATING MUSCLE TO 
LONGITUDINAL CURRENT* 


By Dororuy ConwaytT AND TosHio SAKAIT 
THE ROCKEFELLER INSTITUTE 
Communicated by George W. Corner, April 25, 1960 


Introduction.—During membrane activity in intact muscle, currents of con- 
siderable strength are generated (9 mAmp/cm?) and flow along the interior of the 
fiber. The possibility that these currents may play a significant role in the 
triggering of the contractile elements has been reconsidered by Csapo.? He ob- 
served that longitudinal electric fields effectively activated a variety of muscles 
rendered depolarized and nonpropagating by excess potassium alone or in combina- 
tion with a blocking agent. Longitudinal electric fields of 4 v/em or higher induced 
contraction along the entire muscle length, as evidenced by a reliable method 
developed by Mashima and Csapo.* Using the retractor penis muscle of the turtle, 
which is 7 em or more in length and almost cylindrical, they marked off the muscle 
into equidistant portions with a fluorescent dye and measured differential shorten- 
ing of these portions by photographing the movement of the marks with a constant 
speed motion picture camera. With this technique they provided evidence that 
the contraction is not limited to the cathodal end of the muscle but involves the 
whole length except the extreme anodal portion. The fact that shortening in- 
volved the whole length of the muscle makes it very unlikely that the effect of the 
external longitudinal field is mediated by electrotonic membrane potential changes. 
Nor can their results be explained by depolarization of the fiber membrane due to 
changes in the longitudinal resistance of the individual fibers along their length, 
or of the space between the fibers. However, the objection remains! that the field 
strengths applied in the above experiments were excessively high. This objec- 
tion was raised despite the demonstration that the effective currents caused no 
serious injury to the muscle, as evidenced by the recovery of normal tetanus tension 
at the end of the experiments. 

Our studies reported here were initiated by Csapo’s? suggestion that if internal 
currents are of importance in normal excitation, the ‘‘sensitivity”’ of the myoplasm 
to current must be considerable during the few milliseconds of membrane depolari- 
zation. Such a great sensitivity to current, as pointed out by Csapo,? may exist 
in intact muscle only during normal membrane activity. If so, the higher field 
strengths needed to activate nonpropagating muscle cannot serve as a reference 
for quantitative comparison because the sensitivity to current of the partly and 
permanently depolarized nonpropagating muscle may be considerably less. We 
therefore attempted to find experimental conditions in which the muscle is non- 
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Fic. 1.—The effect of excess KCl. Curve (1): normal Ringer, 1.5 v/cm, 
60 c/s a.c., applied at one end of the muscle; (2) 15 min in 16 mM/1 KCl and 
then 11 mM/1 KCl Ringer, stimulus as (1); (3) as (2) but 3 v/em, applied 
longitudinally between two platinum plate electrodes covering opposite walls 
of the chamber; (4) as (1) after recovery in normal Ringer. In all the original 
records time reads from left to right, and shortening of the upper segment is 
plotted at the left. 
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propagating yet its sensitivity to current is improved. We report here some 
success in this respect, although the sensitivity to current in our preparations may 
still be quite low, because depolarization, unlike that of normal muscle during 
activity, is still partial and prolonged. 

Methods.—The preparation used throughout is the retractor penis muscle of the 
turtle, Chrysemis picta. This is a slow striated muscle particularly suited for our 
experiments because of its length and close to cylindrical shape, especially in young 
animals. The muscle is quickly removed from the animal with sufficient bone 
attachment at one end, and connective tissue at the other, to enable good mounting. 
The excised muscle is pinned out in a dissecting dish containing turtle Ringer, and all 
adherent connective tissue along its length is carefully removed. It is mounted 
horizontally in a square lucite chamber, 10 X 10 cm, in 100 ml of turtle Ringer. 
The bony end is tied to a thin J-shaped glass hook, the other end to a thin, flat 
lucite lever of minimum friction. There is an after-load of 3-5 gm. 

The method of marking the muscle into equidistant portions is that of Mashima 
and Csapo.* The muscle is raised above the level of the liquid, and the excess 
moisture removed by gently blotting with filter paper. The fluorescent dye (R.C.A. 
material No. 33-Z-607, in the form of a yellow powder) is mixed with ether and 
spotted with a fine camel’s hair brush on the upper surface of the muscle at equal 
distances. The ether dries in a matter of seconds, and the marked muscle can be 


reimmersed in the solution. 

The stimulus for the whole muscle is applied between two platinum plate elec- 
trodes which cover two opposite internal walls of the chamber. In testing propa- 
gation the stimulus is applied between two silver wire ring electrodes placed at one 


end of the muscle so that they cover two adjacent spots. For a normal tetanus and 
for testing propagation the stimulus used was a.c. 60 ¢/s, 1.5 V/cm, 0.5 second 
duration. 

The normal turtle Ringer had the composition: 120 mM/1 NaCl, 2.6 mM/1 
KCl, 2.6 mM/1 NaHCOs, and 1 mM/1 CaCl. A mixture of 97% O. and 3% 
CO, was bubbling through the solution. 

The usual procedure was to test the propagated response of the after-loaded 
muscle in normal Ringer. The solution was then changed to a modified Ringer 
containing high K, or a blocking concentration of methyl alcohol. As soon as the 
preparation was found to be nonpropagating, a longitudinal current was applied to 
the whole muscle (a.c. or d.c., of different strengths). After shortening of the non- 
propagating muscle had been recorded, it was returned to normal Ringer and its 
recovery of propagation observed. 

For high K Ringer either excess KCl or K,SO, was substituted for NaCl. The 
methyl aleohol Ringer was 10 per cent methyl alcohol in normal Ringer. 

The movement of the spots during muscle activity was recorded with a Dumont 
oscillograph-record camera (type 321-A) using a tri-X film. Shortening of each 
segment was determined by the formula: A — B/A X 100, where A is the original 


— Fic. 2.—The effect of excess K:SO;. Curve (1): normal Ringer, 1.5 v/em, 60 ¢/s 
a.c., applied at one end of the muscle; (2) 4 min. in 9.5 mM/1 K.SO,-Ringer, stimulus 
as (1); (3) as (2) but 2 v/em applied longitudinally between two platinum plate elec- 
trodes covering opposite walls of the chamber; (4) as (3) but 3 v/em d.c.; (5) as (1) 
after recovery in normal Ringer, 
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Fig. 3.—The effect of methyl aleohol. Curve (1): normal Ringer, 1.5 v/cm, 
60 c/s a.c., applied at one end of the muscle; (2) 6 min. 10 per cent methy] alcohol- 
Ringer, stimulus as (1); (3) as (2) but 1.5 v/em is applied longitudinally between 
two platinum plate electrodes covering opposite walls of the chamber; (4) as (1) 
after recovery in normal Ringer. 
distance between two adjacent spots and B is the distance at the peak of shortening. 
The original records were retouched to improve contrast for reproduction. 
Results.—The sensitivity of the muscle to applied longitudinal current was tested 
during a period when the membrane was being partly repolarized after excess K 
treatment, by decreasing the external K concentration. The muscle was first 
depolarized and rendered non-propagating by treatment with 16 mM/1 KCl 
Ringer for 15 min. This solution was then changed to 12 mM/1 and 11 mM/1 
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Fig. 4.—The effect of pretreatment with excess K, Ca-free Ringer. Curve (1): normal 
Ringer, 1.5 v/em, 60 ¢/s a.c., applied at one end of the muscle; (2) after 30 min in 80 mM/l 
KCl-Ca free Ringer the muscle is returned to normal Ringer for 10 min and stimulated as 
(1); (3) as (2) but 3 v/em applied longitudinally between two platinum plate electrodes 
covering opposite walls of the chamber. 








KCl Ringer for 15 min. After such treatment the muscle remains nonpropagating, 
but it is very sensitive to applied current as illustrated by 70 per cent shortening 
(of the maximum) at a field strength of 3 V/cm (Fig. 1). The recovery in normal 
Ringer is complete after 15 min. 

When the turtle muscle was treated with 9.5 mM/1 K,SO, Ringer, it became non- 
propagating after 4 min. The sensitivity to current was tested with field strengths 
ranging from 1 to 3 V/cm (a.c.andd.c.). Thestimuli were applied once a minute and 
the responses to the graded current strengths recorded. As illustrated by Figure 2, 
a field strength of 2 V/cm a.c. causes shortening of about 50 per cent of the maxi- 
mum. The d-c stimulus was less effective than the a.c. Recovery was complete in 
normal Ringer, 15 min. after the experiment. 

When the muscle is treated with 10 per cent methyl alcohol Ringer, it becomes 
nonpropagating. Figure 3 illustrates the absence of propagation after 6 min, as 
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well as the considerable sensitivity of the muscle to a longitudinal field of 1.5 V/cm. 
This field strength is less than that generated by the action potential,‘ yet it triggers 
50 per cent of the maximum shortening of the propagating muscle. It is also 
shown that the shortening involves the whole central portion of the muscle and 
not only the ends. 

Csapo and Wilkie® observed that the recovery of propagation after excess K 
treatment was considerably delayed at low temperature. We tested the sensi- 
tivity of the muscle to applied current under these conditions. The muscle was 
first depolarized and rendered nonpropagating by 30 min treatment in 24 mM/1 
KCl Ringer. When this solution was changed for normal Ringer, propagation 
did not return during the first 10 or 15 min if the muscle was kept at 10°C. Yet 
shortening was considerable in a longitudinal field of 3 V/cm. 

We also know that recovery of propagation is slow if the depolarizing Ringer 
is Ca-free. Therefore, we tested the sensitivity of such a nonpropagating muscle 
during recovery in normal Ringer after treatment with an 80 mM/1 KCI solution 
containing no Ca. After 10 or 15 min in normal Ringer, when the propagation had 
not yet returned, shortening in a 3 v/cem longitudinal field was 60 per cent of the 
maximum (Fig. 4). 

Discussion.—These results are presented in support of the idea? that longitudinal 
currents of “physiological” strength can activate nonpropagating muscles if their 
“Sensitivity” to current is improved by experimental conditions. The sensitivity 
of the normal active muscle to current may be far greater than that of experimental 
“models” which are only partially depolarized for a prolonged period. If the 


sensitivity to current is different in the nonpropagating models and in normal 
muscle, there is no point in comparing quantitatively the currents which must be 
applied to trigger activity in these two types of muscles. Nor is there good reason 
for expecting the models to respond to the same currents that are known to be 
generated during an action potential. We intend to study the question of ‘‘sensi- 
tivity” further and more rigorously by determining shortening along the length 
of the muscle as a function of the internal longitudinal field strength. 


The authors are grateful to Dr. Arpad Csapo, who suggested the problems dis- 
cussed in this and the two preceding papers, for his advice and criticism in experi- 
mental procedures, and for his kind interest and encouragement. « The valuable 
technical assistance of Mrs. E. Coren is greatly appreciated. 
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ON THE OCCURRENCE OF CLADOCERAN REMAINS IN LAKE 
SEDIMENTS* 
By Davin G. FREY 
INDIANA UNIVERSITY 


Communicated by G. Evelyn Hutchinson, and read before the Academy, November 17, 1959 


Exoskeletal fragments of Cladocera occur abundantly in late-glacial and post- 
glacial lake sediments. Of the various families of the Cladocera the Bosminidae 
and Chydoridae are represented by the greatest diversity of remains. The mor- 
phological differentiation of the chydorids is sufficiently great that species can be 
identified positively in most instances from the isolated components of the exo- 
skeleton (head shields, shells, postabdomens, postabdominal claws, ephippia), and 


frequently even from fragments of these.?~‘ 

On the basis of his previous studies the author became convinced that probably 
all chydorids living in a lake at a given time became represented by morphological 
remains in the sediments. To test this idea, the lakes at Madison, Wisconsin, 
were selected for study. For more than 30 years E. A. Birge, one of the world 
authorities on Cladocera, studied these organisms in the Madison region. His 
list of species® forms the basis of comparison for the present investigation. 

Lakes Mendota, Monona, Waubesa, and Kegonsa occur in that order down- 
stream in the Yahara River valley at Madison. Wingra, a much smaller lake, 
had no original connection with the other lakes until a canal was dug many years 
ago between it and Monona. The sediment samples were collected by means of 
a 6-inch Ekman dredge at water depths of 25 to 40 feet in the four large lakes, 
and 15 feet in Wingra. Assuming a sedimentation rate of 2-3 mm a year, the 
surface material sampled would represent the accumulation of the past 50-70 
years, which would encompass the time interval during which Birge worked on 
these lakes. Qualitative samples were prepared by picking out with a needle the 
individual skeletal remains. Quantitative slides were prepared by mounting 

300 cc Of fresh sediment beneath a 22 mm cover slip. In both instances the sedi- 
ment was first deflocculated with 10 per cent KOH on a magnetic stirrer hot plate. 

The most important result of the qualitative study is that, by means of a rela- 
tively small effort compared with Birge’s, all 23 species of chydorids he listed for 
the lakes except one were recovered, and in addition six species he had not listed. 
Five of these latter species, which occurred in small numbers in the sediments, 
undoubtedly constitute only small fractions of the total living populations. In- 
tensive collecting in the proper habitats at the proper times would be necessary 
to recover them, and this might be largely fortuitous. The sixth species is abun- 
dant in Waubesa and Kegonsa, but these are the two lakes in which Birge collected 
least intensively. The relative abundance of the various chydorids recovered 
from the sediments undoubtedly reflects in a general way their relative abundance 
in the total populations of the lakes, integrated over a period of several decades. 

Two conclusions of this aspect of the study are: (1) any species list of chydorids 
based only on living animals, even when collected intensively over a number of 
years, must be suspected of being incomplete, and (2) a species list of chydorids 
for a given locality can be assembled with least expenditure of time and greatest 
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assurance of completeness from a study of the remains in the sediments. The 
original goal of this study, to determine if ail chydorids in a given population leave 
recognizable remains in the sediments, has been provided with a reasonably affirma- 
tive answer. Recovery of the least abundant species understandably will require 
the most effort. The almost infinite populations of chydorid remains in lake 
sediments affords excellent material for testing the theoretical aspects of species- 
abundance considerations. 

In interpreting the paleolimnology of a lake it is important to know not only 
the species of organisms occurring at any particular time but also their relative 
and absolute abundance. Progressive changes in these latter two variables pro- 
vide insight into changing ecological conditions. 

Although it is not yet certain that deep water sediments do represent a complete 
integration of both littoral and offshore cladoceran populations, data from the 
single samples in the present study suggest a number of significant relationships 
that merit further investigation. 

For the total abundance of cladoceran remains in the sediments, regardless of 
the parameter used—volume of fresh sediment, dry weight, organic content (= 
loss on ignition at 550°), ash weight at 550°, and ash weight at 550° minus the 
‘alculated CaCO; content—the rank order of the four large lakes in the Yahara 
River valley is always the same, namely, Waubesa, Kegonsa, Monona, and Men- 
dota (Table 1). Moreover, in four of the five series Wingra lies between Kegonsa 


TABLE 1 


ToTaL QUANTITIES OF CLADOCERAN REMAINS IN THE SEDIMENTS OF THE Mapison LAKES IN 
RELATION TO VARIOUS SEDIMENT PARAMETERS 


———__———Thousands of Remains per Gm.—— 
% organic Total remains Ash Loss on Ash wt. 550° 
content in 1/75 ce Dry wt. ignition minus calc, 
sediments wet sediment wt. (550°) (550°) CaCO; 


Mendota 15.0 153 53 62 352 124 
Monona 17.0 345 137 165 809 294 
Waubesa 25.2 487 276 369 1097 680 
Kegonsa 21.6 461 229 292 1061 488 
Wingra 15.6 410 162 192 1042 613 


and Monona. One must conclude that these microfossil densities reflect real 
differences between the lakes in the quantities of Cladocera being produced in them. 
Interestingly, the organic content of the sediments shows the same rank order, 
except that here Wingra falls between Monona and Mendota. This is undoubtedly 
related to the much higher CaCO; content of the Wingra sediments than of the 
other lakes. 

Available data in the literature*-* show that in terms of mean standing crop of 
phytoplankton, zooplankton, and total plankton, and of mean content of dissolved 
organic nitrogen, the four major lakes show the identical rank order (Table 2). 
Insufficient data are available to determine where Wingra fits into this scheme. 

This close relationship between the mean size of the plankton population and the 
size of the microfossil population in the sediments is certainly more than coinci- 
dental, since the Cladocera utilize the planktonic and sessile algae and the subse- 
quently derived organic detritus and bacteria as food. In lieu of measurements 
of the amount of carbon fixation by photosynthesis in these lakes using modern 
techniques, one can only assume that in a homogeneous group of lakes such as these 





Von. 46, 1960 ZOOLGY: D. G. FREY 


TABLE 2 


MEAN STANDING Crops OF PLANKTON AND OF DISSOLVED ORGANIC NITROGEN IN THE MADISON 
LAKES 


‘ P Planktont Organict Rank order 
Plankton,* mg/L Cladocera nitrogen plankton 


~ Net-_ Nanno- per liter mg/m? standing crop 

Mendota 0.491 3.090 i. 881 

Monona 1.414 4.433 66 936 

Waubesa 2.182 5.665 181 1100 

Kegonsa (6.112) ae 79 1032 

Wingra iis + .% 768 
* ~ swing and Juday.6 The value for Kegonsa is based on just one sample. 

rrey.8 
t Domogalla and Fred. 


variations in mean level of standing crop of plankton probably reflect real dif- 
ferences in rates of primary production. 

Past levels of production in a lake are difficult to estimate because many of 
the important algae in the plankton leave no morphological remains in the sedi- 
ments. The Cladocera, however, seem to afford exceptional material for even- 
tually determining the actual rates, since the well-being and resulting growth of 
these animals is accompanied by periodic and frequent moulting of the exoskeleton, 
with the exuviae accumulating in the sediments. Thus the quantitative changes 
with time of populations of cladoceran microfossils in lake sediments already de- 
scribed in the literature®: "4 may reasonably be assumed to reflect real changes 
in rates of production of Cladocera, and hence of their ultimate food organisms— 
the photosynthetic plants and especially the algae. Discussions of this matter 


with respect to Linsley Pond are presented by Vallentyne and Swabey"! and Living- 
ston.'? 

And, finally, the percentage composition of the microfossil population shows 
certain progressive changes that appear to be related at least in part to the mor- 
phometry of the lakes (Table 3), which as is well known exerts a great control 


TABLE 3 
ADJUSTED PERCENTAGE COMPOSITION OF THE CLADOCERAN REMAINS IN THE SEDIMENTS* 
Mean 


Area, depth, Chydorus Other Other 
km? m Daphnia Bosmina sphaericus chydorids Cladocerat 


Mendota 39.40 12.1 25.3 2.6 34.0 37.9 0 
Monona 14.10 8.4 22.5 4.4 57.4 14.7 1.0 
Waubesa 8.24 4.9 10.9 15.0 48.9 24.5 0.7 
Kegonsa 12.73 4.6 9.5 7.6 57.8 23 .9 1.2 
Wingra 0.81 1.6 2.1 38.3 20.3 39.4 0 

* To obtain these percentages, the observed occurrences of Daphnia and Other Cladocera have been multiplied 


xX 1, Bosmina and Chydorus sphaericus X '/2, Other chydorids X 2/3. 
t+ Sida, Latona, Ceriodaphnia, Leptodora. 


over limnological processes. With decreasing surface area and mean depth in these 
lakes, Daphnia declines percentagewise and Bosmina increases. Linsley Pond® 
with an area of 9.4 ha, and Schleinsee* with an area of 14.9 ha seem to continue this 
series in that both have Bosmina as the dominant cladoceran microfossil in the 
sediments. On the other hand, Wallensen,? which was little more than a pond 
with an area of about 0.1 ha, had virtually no Bosmina. The volume of water 
suitable for plankton production must have been very small in this lake. The 
factors that determine whether Daphnia or Bosmina or even some other genus 
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of Cladocera (e.g., Certodaphnia) assumes dominance in the plankton of a particular 
lake need further investigation. 

One of the typical changes in a lake during its ontogeny is a decrease in volume 
of water relative to surface area, resulting from the accumulation of sediments. 
Littoral production of organic matter would be expected to increase relative to 
plankton production during this ecological aging. In the Madison lakes except 
for Mendota, as the area and depth of the lakes decrease the proportion of chydorids 
other than Chydorus sphaericus in the total population increases. The high per- 
centage for Mendota is believed largely artificial, resulting in part from the ex- 
cessive fragmentation of the exuviae in this lake. Thus the morphometric series 
for the Madison lakes parallels the sequence of changes one would expect to find 
in the ontogeny of a single lake. 

The last point of interest is the great abundance of the remains of Chydorus 
sphaericus in the sediments. One might even characterize these lakes as Chydorus 
lakes, in contrast to the Bosmina lakes already reported in the literature.*:* Chy- 
dorus sphaericus can occur in the plankton, especially in association with bluegreen 
algae. Perhaps the abundance of these nuisance algae in the Madison lakes helps 
to explain the abundance of C. sphaericus remains in the sediments. 


* Contribution No. 689 from the Department of Zoology, Indiana University. The author is 
indebted to Dr. A. D. Hasler for arranging to have the samples of offshore sediments collected. 
Analysis of the material was accomplished in part through funds provided by NSF Grant G-6157, 
with Wayne P. Mueller helping greatly in preparation of the material. A more detailed report on 
this investigation will be published elsewhere. ! 
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